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Integer complexity: the integer defect

Harry Altman

Define ||n]|| to be the complexity of n, the smallest number of 1s needed to write n using an arbitrary
combination of addition and multiplication. John Selfridge showed that ||n|| > 3log; n for all n, leading
this author and Zelinsky to define the defect of n, §(n), to be the difference ||n|| — 3 log; n. Meanwhile,
in the study of addition chains, it is common to consider s(7), the number of small steps of n, defined as
£(n) — [log, n], an integer quantity, where £(n) is the length of the shortest addition chain for n. So here
we analogously define D(n), the integer defect of n, an integer version of §(n) analogous to s(n). Note
that D(n) is not the same as [§(n)].

We show that D(n) has additional meaning in terms of the defect well-ordering we considered in
2015, in that D(n) indicates which powers of w the quantity §(n) lies between when one restricts to n
with ||n]|| lying in a specified congruence class modulo 3. We also determine all numbers n with D(n) < 1,
and use this to generalize a result of Rawsthorne (1989).

1. Introduction

The complexity of a natural number n, denoted by |||, is the least number of 1s needed to write it
using any combination of addition and multiplication, with the order of the operations specified using
parentheses grouped in any legal nesting. For instance, n = 11 has a complexity of 8, since it can be
written using eight 1s as

HN=0+1+DA+1+D+1+1,

but not with any fewer than eight. More formally, ||z is the number of leaves in the smallest arithmetic
formula for n, using addition and multiplication as the gates and 1 as the leaves. This notion was implicitly
introduced by Kurt Mahler and Jan Popken [1953], and was later popularized by Richard Guy [1986;
1987, p. 965; 1989, p. 905; 2004, pp. 399-400].

Integer complexity is approximately logarithmic; it satisfies the bounds

3logyn = —— logn < [n] <

< logn, n>1.
log3 log2

The lower bound can be deduced from the results of Mahler and Popken, and was explicitly proved by
John Selfridge [Guy 1986]. It is attained with equality for n = 3* for all k > 1. The upper bound can
be obtained by writing # in binary and finding a representation using Horner’s algorithm. It is not sharp,
and the constant 3/log 2 can be improved for large n [Zelinsky > 2019].

MSC2010: 11A67.
Keywords: integer complexity, well-ordering, arithmetic formulas.
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194 HARRY ALTMAN

Based on the lower bound, this author and Zelinsky [Altman and Zelinsky 2012] introduced the notion
of the defect of n, denoted by §(n), which is the difference ||n|| — 3log; n. Subsequent work [Altman
2015] showed that the set of defects is in fact a well-ordered subset of the real line, with order type w®.

However, it is worth considering the result of Selfridge in more detail:

Theorem 1.1 (Selfridge). For any k > 1, let E(k) be the largest number that can be made with k 1s, i.e.,
the largest n with ||n|| < k. Then:

(1) If k=1, then E(k) = 1.
(2) If k =0 (mod 3), then E (k) = 3*/3,

(3) If k=1 (mod 3) and k > 1, then E (k) = 4 -3*=9/3,
4) If k=2 (mod 3), then E(k) =2-3*=2/3,

(This result is also a special case of the results of [Mahler and Popken 1953].) From this one can of
course derive the lower bound ||n|| > 31log; n, but what if one wanted an integer version? We make the
following definition:

Definition 1.2. Given a natural number n, we define L(n) to be the largest k such that E (k) < n.
With this, we define:

Definition 1.3. For a natural number n, we define the integer defect of n, denoted by D(n), to be the
difference ||n|| — L(n).

Because of Theorem 1.1, L(n) is quite easy to compute (see Proposition 3.8), and hence if one knows
ln]| then D(n) is also easy to compute. Note that while we consider D(n) to be an integer analogue of
8(n), it is not in general equal to [§(n)]; see Theorem 3.12 for the precise relation. However it is not
immediately obvious that D(n) has any actual significance. But, in fact, the integer defect of a number
tells you about its position in the well-ordering of defects.

Remark 1.4. L (k) is not the best lower bound we can get from Theorem 1.1; that would instead be
the smallest k such that E(k) > n, which we might denote L'(n). (L'(n) could also be defined as the
minimum of ||m|| over all m > n.) For reasons that will become clear later, though, we will prefer to
discuss L rather than L’ In any case, L'(n) = L(n) + 1 unless n = E (k) for some k, in which case
L'(n) = L(n) = k, so one can easily convert any results expressed in the one formulation to the other.
One could consider a similar D’(n) as well, but we will not do that either.

1A. The sets 72°, 2\, and %* and the main result. As has been noted above, if we define 2 to be the
set of all defects, then as a subset of the real line this set is well-ordered and has order type w®. However,
more specific theorems are proved in [Altman 2015]. We will need the following definition:

Definition 1.5. If a is a congruence class modulo 3, we define
2* ={8(n) : |n|| =a (mod 3), n # 1}.

Remark 1.6. The number n = 1 is excluded from 2! because it is dissimilar to other numbers whose
complexity is congruent to 1 modulo 3. Unlike other numbers which are 1 modulo 3, the number 1
cannot be written as 3j + 4 for some j > 0, and so the largest number that can be made with a single 1
is simply 1, rather than 4 - 3/,
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In fact the sets 2 for a =0, 1, 2 are disjoint, and so together with {1} form a partition of 2.
Moreover in [Altman 2015] it was proved:

Theorem 1.7. Fora =0, 1, 2, the sets 2¢ are all well-ordered, each with order type w®.
D(n) will tell us about the position of §(n) in these sets, the 2. We show:

Theorem 1.8 (Main theorem). Let n > 1 be a natural number. Let ¢ be the order type of 211 N[0, §(n)).
Then D(n) is equal to the smallest k such that ¢ < o*.

As mentioned above, D(n) is easy to compute, so this theorem gives a way to easily compute around
where & (n) falls in the ordering on 2“.

We will also prove a version of this theorem for the stable integer defect; see Sections 1D and 3.

It is worth comparing this theorem to what was already known. It was proved in [Altman 2015] that
the limit of the initial w* elements of 2 is equal to k. This raises the question — just what is the limit
of the initial w* elements of 2?7 It was further shown in [Altman 2015] that when k = a (mod 3) this
limit is equal to k, but what about otherwise?

In this paper we will answer this question:

Theorem 1.9. The limit of the initial o* elements of 2% is equal to k if k —a = 0 (mod 3), it is equal to
k+6Q2)ifk —a=1 (mod3), and it is equal to k +26(2) if k —a =2 (mod 3).

In fact, Theorem 1.9 will be used to prove Theorem 1.8. See Section 4 for more general statements.
Further generalizations will appear in a future paper [Altman and Arias de Reyna > 2019].

1B. Generalizing Rawsthorne’s theorem. We know how to compute E (k), the highest number of com-
plexity at most k (or exactly k), but what about the next highest? This question was answered by Daniel
Rawsthorne [1989]:

Theorem 1.10 (Rawsthorne). For any k > 8, the highest number of complexity at most k other than E (k)
itself is %E (k), and this number has complexity exactly k.

In this paper we generalize this result. First, a definition:

Definition 1.11. Given r > 0 and k > 1, we define E, (k) to be the r-th largest number of complexity
at most k. We will 0-index here, so that by definition Eg(k) = E(k), and Theorem 1.10 gives a formula
for Eq (k).

Then, with this, we show:

Theorem 1.12. Givenr >0, and a, a congruence class modulo 3, there exists K, , > 1 and h, , € Q such
that for k > K, 4, with k = a (mod 3), we have E,.(k) = h, ,E(k), and these h,, and K, , are as given
by Tables 1, 2, and 3. Moreover, for such r and k, we have E, (k) > E(k — 1) and therefore || E. (k)| =k
(and thus for such r and k, E, (k) is not just the r-th largest number with complexity at most k, but the
r-th largest number with complexity exactly k).

Note that Tables 1, 2, and 3 do not list the regular pattern in the 4, , until such point as K, , also
becomes regular; for tables based solely on 4, ,, see Tables 4, 5, and 6.

What does Theorem 1.12 have to do with integer defect? Well, the numbers 4, , E (k) appearing in this
theorem are almost exactly the numbers n with D(n) < 1; see Proposition 5.6 for a precise statement.
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r hro Ko

0 1 3

1 8/9 6

2 64/81 12

3 7/9 12

4 20/27 12

5 19/27 12

6 512/729 | 18

7 56/81 18

8 55/81 18

9 164/243 | 18

10 163/243 | 18
(forn>6) 2n—1|2/342/3"| 3n
(forn>6) 2n 2/3+1/3" | 3n

Table 1. Table of &, and K, for k =0 (mod 3).

r hya K>
0 1
1 8/9 8
2 5/6 8
3 64/81 14
4 7/9 14
5 20/27 14
6 13/18 14
7 19/27 14
8 512/729 20
9 56/81 20
10 37/54 20
1 55/81 20
12 164/243 20
13 109/162 20
14 163/243 20
(forn>6) 3n-3 2/3+2/3" 3n+2
(forn >=6) 3n—2|2/3+1/(2:3"1) | 3n42
(forn>6) 3n—1| 2/3+1/3" |3n42

Table 2. Table of &, and K, for k =2 (mod 3).

After all, by Theorem 1.8, the numbers n with D(n) <1 are precisely those n whose §(n) lie in the
initial w of 21", So if one fixes a particular k, then going down the set of n with ||n|| = k corresponds
to going up the set of defects §(n) of n with ||n|| = k, and assuming k is large enough relative to how far
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r hp i K, 1
0 1 4
1 8/9 10
2 5/6 10
3 64/81 16
4 7/9 16
5 41/54 16
(forn>4) n+2|3/44+1/(4-3") | 3n+4

Table 3. Table of &, and K, for k =1 (mod 3) with k > 1.

up or down you want to go, this is just looking at 2*. And if we count up one at a time, then — again,
assuming k is sufficiently large relative to how far out we count— we will stay within the initial @ of 2*.
So with a classification of numbers n such that D(n) < 1, one can determine the E, (k). (Indeed, one can
also do the reverse.)

Note that Theorem 1.10 also works for & = 6, so if one wants to break it down by the residue of k
modulo 3, one could say it works for £ > 6 with k =0 (mod 3), for kK > 8 with k =2 (mod 3), and for
k > 10 with k = 1 (mod 3). (Indeed, this is what we have done in Tables 1, 2, and 3.) Note how all
three of these correspond to k exactly large enough for E (k) to be divisible by 9, as per the last part of
Theorem 1.12.

One thing worth noting here is that the formulae for Eq(k) and E|(k), as originally proven by Selfridge
and Rawsthorne respectively, were both originally proven directly by induction on k, whereas here we
have proven Theorem 1.12 by a different method, namely, analysis of defects (although this analysis of
defects in turn depends on Rawsthorne’s formula for E;(k) to serve as a base case; see [Altman and
Zelinsky 2012]). This raises the question of whether a similar inductive proof for general E, (k) could
be done now that the formulae for them are known. (In fact this author originally proved these formulae
by a different method entirely, that of analyzing certain transformations of expression, so other methods
certainly are possible.)

1C. Low-defect polynomials and numbers of low defect. In order to prove Theorem 1.8, we make use
of the idea of low-defect polynomials from [Altman 2015; 2016]. A low-defect polynomial is a particular
type of multilinear polynomial; see Section 2 for details. In [Altman 2015] it is proved that, given any
positive real number s, one can write down a finite set of low-defect polynomials S such that every
number n with §(n) < s can be written in the form f (3", ..., 3")3"%+! for some f € S, and that,
moreover, such an n can always be represented “efficiently” in such a fashion. Additionally, one can
choose S such that for any f € S, one has deg f <s. (Note that the degree of a low-defect polynomial is
always equal to the number of variables it is in, since low-defect polynomials are multilinear and always
include a term containing all the variables.)

Using this fact about low-defect polynomials, this author proved in [Altman 2015] that the set 2 is
well-ordered with order type w®, as well as the more specific Theorem 1.7 mentioned above, and other
results mentioned above such as that the limit of the initial w* defects is equal to k. However, this is not
enough to prove the more specific theorems shown in this paper, such as Theorem 1.9. But in [Altman
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2016] an improvement was shown, that we can in fact take S such that for all f € .7, one has §(f) <'s;
here 3(f) is a number that bounds 8 (n) above for any n represented by f in the fashion described above;
again, see Section 2 for more on this.

On top of that, it was shown in [Altman 2016] that §(f) > deg f + §(m), where m is the leading
coefficient of f. Putting this together, one gets the inequality

deg f +38(m) <s.

It is this stronger inequality that allows us to prove Theorem 1.8, where the inequality deg f < s would
not be enough. To see why this inequality is so helpful, say we are given s and we pick S as described
above. Then if f € S, one of two things must be true: either deg f < |s], in which case f does not make
much of a contribution to 2 N[0, s) compared to polynomials of higher degree, or deg f = |s], in which
case §(m) is at most the fractional part of s, a number which is less than 1. Since there are only finitely
many defects below any given number less than 1, this puts substantial constraints on m and therefore
on f, in ways that the weaker inequality deg f < s does not. This allows us to prove Theorem 1.9.

Note that the method we use to turn the results of [Altman 2016] into Theorem 1.8 actually has much
more power than we use in this paper, but an exploration of the full power of this method would take us

too far away from the subject of D(n), and so will be detailed in a future paper [Altman and Arias de
Reyna > 2019].

1D. A quick note on stabilization. An important property satisfied by integer complexity is the phenom-
enon of stabilization. Because one has ||3%|| = 3k for k > 1, as well as ||2-3%|| =243k and ||4-3%| =4+ 3k,
one might hope that in general the equation ||3z| = ||z|| + 3 holds for all n > 1. Unfortunately that is
not the case; for instance, for n = 107, one has ||107| = 16, but ||321] = 18. Another counterexample
is n = 683, for which one has [|683] = 22, but ||2049|| = 23. There are even cases where ||3n| < ||n]|,
such as n = 4721323, which has ||3n|| = ||n| — 1.

And yet the initial hope is not entirely in vain. In [Altman and Zelinsky 2012], it was proved:

Theorem 1.13. For any natural number n, there exists K > 0 such that, for any k > K,
I13*n]l = 3(k — K) + (3% n|.
Based on this, we define:

Definition 1.14. A number m is called stable if ||3*m|| = 3k + ||m|| holds for every k > 0. Otherwise it
is called unstable.

So, we can restate Theorem 1.13 by saying, for any 7, there is some K such that 37 is stable.

This allows us to define stable or stabilized analogues of many of the concepts and discussed above,
and prove stabilized analogues of the theorems discussed in Section 1A. See Sections 2A and 3 for
the relevant definitions, and Section 4 for the versions of the main theorems generalized to cover the
stabilized case as well.

1E. Discussion: comparison to addition chains. In order to make sense of Theorem 1.8, it is helpful
to introduce an analogy to addition chains, a different notion of complexity which is similar in spirit
but different in detail. An addition chain for n is defined to be a sequence (ag, ay, - .., a,) such that
ap =1, a, =n, and, for any 1 < k < r, there exist 0 < i, j < k such that a; = a; + a;; the number r
is called the length of the addition chain. The shortest length among addition chains for n, called the
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addition chain length of n, is denoted by £(n). Addition chains were introduced by H. Dellac [1894]
and reintroduced by A. Scholz [1937]; extensive surveys on the topic can be found in [Knuth 1998,
Section 4.6.3, pp. 461-485] and [Subbarao 1989].

The notion of addition chain length has obvious similarities to that of integer complexity; each is
a measure of the resources required to build up the number n starting from 1. Both allow the use of
addition, but integer complexity supplements this by allowing the use of multiplication, while addition
chain length supplements this by allowing the reuse of any number at no additional cost once it has been
constructed. (That is to say, while integer complexity is a formula model, addition chains are a circuit
model.) Furthermore, both measures are approximately logarithmic; the function £(n) satisfies

log, n < €(n) < 2log,n.

A difference worth noting is that £(n) is actually known to be asymptotic to log, n, as was proved by
Brauer [1939], but the function ||z is not known to be asymptotic to 3 logs n; the value of the quantity
limsup,,_, ., |ln||/log n remains unknown.

Nevertheless, there are important similarities between integer complexity and addition chains. As
mentioned above, the set of all integer complexity defects is a well-ordered subset of the real numbers,
with order type w®. We might also define the notion of addition chain defect, defined by

84(n) := £(n) —log, n;

for as shown in [Altman 2018b], the well-ordering theorem for integer complexity has an analogue for
addition chains:

Theorem 1.15 (Addition chain well-ordering theorem). Let 9% denote the set {8°(n) : n € N}. Then
considered as a subset of the real numbers, 2° is well-ordered and has order type »®.

More commonly, however, it is not 8%(n) that has been studied, but rather s(n), the number of small
steps of n, which is defined to be £(n) — |log,], or equivalently [8¢(n)]. The quantity D(n) that we
introduce seems to play a role in integer complexity similar to s(n) in the study of addition chains. Now,
unlike with s(n) and 8°(n), D(n) is not simply [§(n)]; for instance, D(56) = 1 even though §(56) > 1.
(Although Theorem 3.12 will show how D(n) is in a certain sense almost [§(n)].) But, there are further
analogies.

Analogous to Theorem 1.13, we have (from [Altman 2018b]) the following:

Theorem 1.16. For any natural number n, there exists K > 0 such that, for any k > K,
0(2*n) = (k — K) + £(2%n).
So we define a number 7 to be £-stable if, for any k, one has 2(2*n) = k + €(n); then Theorem 1.16
says that, for any n, there is some K such that 2Xn is ¢-stable. This allows us to formulate a stabilized

version of the previous analogy — and of the ones to follow.
In [Altman 2018b], this author conjectured:

Conjecture 1.17. For each whole number k, 2° N[0, k] has order type .

In other words, this conjecture states that the limit of the initial w* addition chain defects is equal to k.
If true, this would mean that s(n) plays the same role for 2% as D(n) does for the 2¢, that s(n) is the
smallest k such that the order type of 2 N[0, 8¢(n)) is less than .
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Similarly, based on conjectures in [Altman 2018b], one gets analogies between Dg(n) and sg(n) and
how they determine position in 2% and 2, respectively; see Section 3 for definitions of these.

It is worth noting here one important difference between these two cases: in the integer complexity
case, we need to split things into congruence classes modulo 3 based on ||z||. This has no analogue in the
addition chain case. This comes from a difference in certain fundamental inequalities that these quantities
obey. Integer complexity obeys ||3n| < ||n|| + 3, with equality if and only if §(3n) = §(n). The addition
chain analogue of this is that one has £(2n) < £(n) + 1, with equality if and only if §¢(2n) = 8'(n).
The result [Altman 2018b; Altman and Zelinsky 2012] is that if we have two numbers m and n with
8¢(n) = 8*(m), then one must have m = 2*n for some k € Z, and if we have two numbers m and n with
8(n) = 8(m), then one must have m = 3*n for some k € Z. However in the latter case we must also
have ||m| = ||n]| (mod 3); this is why the sets 2“ are disjoint. In the addition chain case there is no such
congruence requirement; £(n) and £(m) need only be congruent modulo 1, which is no requirement at
all, so splitting up 2* in a similar manner does not make sense. The set 2* already covers the one and
only congruence class that exists in the addition chain case.

But it is not only our primary theorem but also our secondary theorem here that has an analogue for
addition chains, and in this case the analogy does not rely on any conjectures. While the hypothesis
that the order type of 2* N[0, k] is equal to @* remains a conjecture, that this holds for k <2 —and in
particular that it holds for k = 1 — was proven in [Altman 2018b]. This means that just as we can look
at the first w elements of each 2 in order to determine the r-th-highest number of complexity k, we can
look at the first w elements of 2° to determine the r-th-highest number of addition chain length & (or at
most k, which in these cases is the same thing). (Again, here £k must be sufficiently large relative to r.
Also, again here we are using the convention that » starts at O rather than 1.)

Specifically, it is an easy corollary of the classification of numbers with s(n) < 1 [Gioia et al. 1962]
that:

Theorem 1.18. For k > r 4+ 1 (or for k > 0 when r = 0), the r-th-largest number of addition chain
length k is (1/2+1/2 12k

Obviously here the fraction 1/2+1/2"+! plays the role of the /,, and r + 1 plays the role of K, ; unlike
with integer complexity, there are no irregularities here, just a single straightforward infinite family. (And
note how the analogue of the K, increases in what is mostly steps of 1, rather than mostly steps of 3 like
the actual K, because once again with addition chains there is only one congruence class.) For more
on the analogy between integer complexity and addition chains, particularly with regard to their sets of
defects, one may see [Altman 2016].

Before we continue, it is worth noting that one might also consider a computational model where
one allows addition, multiplication, and the free reuse of already-constructed intermediates; that is to
say, circuits with addition and multiplication, rather than formulas. These are referred to as addition-
multiplication chains, and one may see [Bahig 2008] for more on them.

2. Integer complexity, well-ordering, and low-defect polynomials

In this section we summarize the results of [Altman 2015; 2016; Altman and Zelinsky 2012] that we
will need later regarding the defect §(n), the stable complexity ||n||s; and stable defect 8y () described
below, and low-defect polynomials.
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2A. The defect and stability. First, some basic facts about the defect:
Theorem 2.1. We have:
(1) Foralln, §(n) >0.

(2) Fork >0, 8§(3kn) < 8(n), with equality if and only if ||3*n| =3k + ||n||. The difference §(n) —8(3*n)
is a nonnegative integer.

(3) A number n is stable if and only if for any k > 0, §(3*n) = 8(n).
(4) If the difference §(n) — 8(m) is rational, then n = m3* for some integer k (and so 8(n) — 8(m) € Z).
(5) Given any n, there exists k such that 3*n is stable.

(6) For a given defect o, the set {m : 8(m) = «} has either the form {n3* : 0 <k < L} for some n and L,
or the form {n3* : 0 < k} for some n. The latter occurs if and only if « is the smallest defect among
8(3kn)fork el.

(7) If 8(n) = &(m), then ||n|| = ||m]| (mod 3).
®) 6(1)=1,and fork > 1, 8(3%) = 0. No other integers occur as 6(n) for any n.
(9) If 6(n) = §(m) and n is stable, then so is m.

Proof. Parts (1)—(8), except part (3), are just Theorem 2.1 from [Altman 2015]. Part (3) is Proposition 12
from [Altman and Zelinsky 2012], and part (9) is Proposition 3.1 from [Altman 2015]. O

We will want to consider the set of all defects:
Definition 2.2. We define the defect set & to be {§(n) : n € N}, the set of all defects.

We also defined 2¢, for a a congruence class modulo 3, in Definition 1.5 earlier.
The paper [Altman 2015] also defined the notion of a stable defect:

Definition 2.3. We define a stable defect to be the defect of a stable number, and define % to be the set
of all stable defects. Also, for a a congruence class modulo 3, we define Zg = 29 N Y.

Because of part (9) of Theorem 2.1, this definition makes sense; a stable defect « is not just one that
is the defect of some stable number, but one for which any n with §(n) = « is stable. Stable defects can
also be characterized by the following proposition from [Altman 2015]:

Proposition 2.4. A defect « is stable if and only if it is the smallest B € & such that B =« (mod 1).
We can also define the stable defect of a given number, which we denote by 4 (n).

Definition 2.5. For a positive integer n, define the stable defect of n, denoted by 84 (n), to be §(3*n)
for any k such that 3%z is stable. (This is well-defined as if 3*n and 3‘n are stable; then k > £ implies
8(3*n) =8(3%n), and £ > k implies this as well.)

Note that the statement “« is a stable defect”, which earlier we were thinking of as “o = §(n) for some
stable n”, can also be read as the equivalent statement “o = §y(n) for some n”.
Similarly we have the stable complexity:

Definition 2.6. For a positive integer n, define the stable complexity of n, denoted by ||n]| s, to be
|3kn|| — 3k for any k such that 3*n is stable.

We then have the following facts relating the notions of ||n]||, §(n), ||n|ls, and g (n):
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Proposition 2.7. We have:

(1) 8(n) = ming=o 8(3*n).

(2) Sst(n) is the smallest a € 9 such that o = §(n) (mod 1).

(3) lInlls = ming=o([I3*n ]| — 3k).

(4) 8s(n) = lInlls — 3 logz n.

(5) 8st(n) < &(n), with equality if and only if n is stable.

(6) |Inllst < |In|l, with equality if and only if n is stable.

(D) 13nllse = lInlls + 3.

(8) If 8s1(n) = s (m), then |[n|ls = [Im|ls (mod 3).
Proof. Statements (1)—(6) are just Propositions 3.5, 3.7, and 3.8 from [Altman 2015]. Statement (7)
follows from the definition of stable complexity; if 3*n is stable, then ||3n| = [|3*n| — 3(k — 1) =
13%n|| — 3k + 3 = ||n|st + 3. To prove statement (8), note that if 84 (n) = 85 (m), then by statement (2)

one has §(n) = §(m) (mod 1), and so by Theorem 2.1, one has that n = m3F for some k € Z, and so
Inllse = llmlls + 3k. O

Note, by the way, that just as % can be characterized either as defects §(n) with n stable or as defects
dst(n) for any n, Z¢ can be characterized either as defects §(n) with n stable and ||n|| = a (mod 3), or
as defects 84 (n) for any n with ||n|sy =a (mod 3).

Three defects that will be particularly important in this paper are the smallest three defects:

Proposition 2.8. 2N1[0,25(2)] =1{0,5(2),26(2)}.
Proof. Proposition 37 from [Altman and Zelinsky 2012] tells us that the only leaders with defect less
than 36(2) are 3, 2, and 4, which respectively have defects 0, §(2), and 25§(2). Il

2B. Low-defect polynomials. As has been mentioned in Section 1C, we are going to represent the set
of numbers with defect at most r by substituting powers of 3 into certain multilinear polynomials we
call low-defect polynomials. We will associate with each one a “base complexity” to form a low-defect
pair. In this section we will review the basic properties of these polynomials. First, their definition:

Definition 2.9. We define the set &2 of low-defect pairs as the smallest subset of Z[x;, x2, ...] X N such
that:

(1) For any constant polynomial k € N C Z[x, x2, ...] and any C > ||k||, we have (k, C) € 2.

(2) Given (f1, C1) and (f2, Cy) in &, we have (f1 ® f2, C1 + C2) € &, where, if f is in d; variables
and f; is in d, variables,

(fl ® fZ)(xls cee xd1+d2) = fl(xh ety xd1)f2(xd1+1a U} xd1+d2)'

(3) Given (f,C) e &, ceN, and D > ||c||, we have (f ® x| + ¢, C + D) € &, where ® is as above.

The polynomials obtained this way will be referred to as low-defect polynomials. If (f, C) is a low-
defect pair, C will be called its base complexity. If f is a low-defect polynomial, we will define its
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absolute base complexity, denoted by || f||, to be the smallest C such that (f, C) is a low-defect pair. We
will also associate to a low-defect polynomial f the augmented low-defect polynomial

f=rex;

if f is in d variables, this is fxg41.

So, e.g., Bx;+1)xy+1 is a low-defect polynomial, as are (3x;+1)(Bx2+1), Bx1+1)Bxz+1x3+1,
and 2((73(3x1 + Dxy+6)(2x3+ 1)x4 + 1). In this paper we will only concern ourselves with low-defect
pairs (f, C) where C = || f||, so in the remainder of what follows, we will mostly dispense with the
formalism of low-defect pairs and just discuss low-defect polynomials.

Note that the degree of a low-defect polynomial is also equal to the number of variables it uses;
see Proposition 2.10. Also note that augmented low-defect polynomials are never themselves low-defect
polynomials; as we will see in a moment (Proposition 2.10), low-defect polynomials always have nonzero
constant term, whereas augmented low-defect polynomials always have zero constant term. We can
also observe that low-defect polynomials are in fact read-once polynomials as discussed in for instance
[Volkovich 2016].

Note that we do not really care about what variables a low-defect polynomial is in— if we permute
the variables of a low-defect polynomial or replace them with others, we will still regard the result as a
low-defect polynomial. From this perspective, the meaning of f ® g could be simply regarded as “relabel
the variables of f and g so that they do not share any, then multiply f and g”. Helpfully, the ® operator
is associative not only with this more abstract way of thinking about it, but also in the concrete way it
was defined above.

In [Altman 2015] were proved the following propositions about low-defect polynomials:

Proposition 2.10. Suppose f is a low-defect polynomial of degree d. Then f is a polynomial in the
variables x1, . .., xq4, and it is a multilinear polynomial, i.e., it has degree 1 in each of its variables. The
coefficients are nonnegative integers. The constant term is nonzero, and so is the coefficient of x| - - - x4,
which we will call the leading coefficient of f.

Proof. This is Proposition 4.2 from [Altman 2015]. g
Proposition 2.11. If f is a low-defect polynomial of degree d, then
1F@", 3D =143+ +na),
1F@™, . 3 < f Il 4300+ -+ nag).
Proof. This is a combination of Proposition 4.5 and Corollary 4.12 from [Altman 2015]. O
The above proposition motivates the following definition:

Definition 2.12. Given a low-defect polynomial f (say of degree d) and a number N, we will say that
f efficiently 3-represents N if there exist nonnegative integers ny, ..., ng such that

N=f@3",....3") and [NI=|fII+30+" - +nq).
We will say f efficiently 3-represents N if there exist ny, ..., ng+; such that

N=f@",....3%") and [IN|=fll+301++nap).
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More generally, we will also say f 3-represents N if there exist nonnegative integers ny, ..., ng such
that N = (3", ..., 3"), and similarly for f.

Note that previous papers [Altman 2015; 2016; 2018a] instead spoke of a low-defect pair (f, C)
efficiently 3-representing a number N; however, as mentioned in those papers, it is only possible for
some (f, C) to efficiently 3-represent a number N if in fact C = || f||, so there is no loss here.

In keeping with the name, numbers 3-represented by low-defect polynomials, or their augmented
versions, have bounded defect. Let us make some definitions first:

Definition 2.13. Given a low-defect polynomial f we define §( f), the defect of f, to be || f|| — 3 log; m,
where m is the leading coefficient of f.

Definition 2.14. Given a low-defect polynomial f of degree d, we define
Sp(ni,....na) =1l +3m1+---+ng) —3logs fF(3",...,3").

Then we have:

Proposition 2.15. Let f be a low-defect polynomial of degree d, and let the numbers ny, ..., ng+1 be
nonnegative integers:

(1) We have
3(fG3M,....3M) <8p(ni, ... na),
and the difference is an integer.
(2) We have
Sp(ni,....nq) <8(f),
and if d > 1, this inequality is strict.

(3) The function 8 is strictly increasing in each variable, and

5(f) = Sup 8f(n1, ey nd).

n,...ng

Proof. This is a combination of Proposition 4.9 and Corollary 4.14 from [Altman 2015] and Proposi-
tion 2.15 from [Altman 2016]. Il

Importantly, the set of defects coming from a low-defect polynomial of degree r has order type ap-
proximately «"; if rather than the actual defects we use § ¢, then this is exact. More formally:

Proposition 2.16. Let [ be a low-defect polynomial of degree d. Then:

(1) The image of &y is a well-ordered subset of R, with order type o

(2) The set of 5(N) for all N 3-represented by the augmented low-defect polynomial f is a well-ordered
subset of R, with order type at least o and at most o? (|8(f)| + 1) < w?*!. The same is true if f
is used instead of the augmented version f.

Proof. This is a combination of Propositions 6.2 and 6.3 from [Altman 2015]. O

The second part of the above proposition follows from the first by means of theorems about cutting
and pasting of well-ordered sets, ultimately due to [Carruth 1942]. In particular:
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Proposition 2.17. We have:

(1) If S is a well-ordered set and S = S1 U - --U S,,, and Sy through S, all have order type less than o,
then so does S.

(2) If S is a well-ordered set of order type o* and S = S; U - --U S, then at least one of S through S,

also has order type .

Proof. One may see [Carruth 1942] or [de Jongh and Parikh 1977] for proofs of these. O
We will need in particular the following variant:

Proposition 2.18. Suppose o is an ordinal and S is a well-ordered set which can be written as a finite
union Sy U - --U S such that:

(1) The S; all have order types at most w®
(2) If a set S; has order type ", it is cofinal in S.

Then the order type of S is at most w® In particular, if at least one of the S; has order type ®, then S
has order type w*

Proof. A proof of this can be found in [Altman 2018b], where it is Proposition 5.4. O

As was noted above, we have §(f(3"!,...,3")) <d7(ny, ..., ny). Importantly, though, for certain
low-defect polynomials f, namely, those with §(f) < deg f + 1, we can show that equality holds for
“most” choices of (ny, ..., ny) in a certain sense.

Specifically:

Proposition 2.19. Ler f be a low-defect polynomial of degree d with §(f) < d + 1. Define its “excep-
tional set” to be

S={(n,....na) I fFG",....3"Dllse < fII+3(01+- - +na)}.

Then the set {8(f(3™,...,3™)) : (n1,...,nq) € S} has order type less than »?, and therefore so does
the set {§(f (3", ...,3"%+1)): (ny,...,ng) € S}. In particular, for a # || f|| (mod 3), the set
BFG™,....3M) t(n1, ... ) €245 N 27

has order type less than w®. Meanwhile, the set
{8(f@3",....,3") : (n1,...,ng) ¢ S}
has order type at least w?, and thus so does the set
BN, .3 ) (e ng) € 24 n 2l
moreover, the supremum of this latter set is equal to 5(f).

Proof. Most of this is direct from Proposition 7.2 from [Altman 2015]; the only parts not covered in the
statement there are the statement about {6 ( f (3™, ..., 3%+1)) (ny, ..., ng) € S}, the statement regarding
a # || f] (mod 3), and the final statement.

The first of these follows directly from the first part, because

S(f(3™M, ... 3 <§(f(3M,...,3"))
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with the difference being an integer, and that integer can certainly be no more than

S(f@3", ..., 3") <8(f).
Thus the set

BFG™,....3M)  (ny, ... ) € 2551 N 9°
can be covered by finitely many translates of {§(f (3", ..., 3")): (ny,...,ny) € S} and therefore by
d

Proposition 2.17 has order type less than w*.
For the statement about

BOFGB™, ... 3"t (ny, ... ngp) € 2451 N 97,

with a # C (mod 3), if ||f(3”‘, ..., 3") || =a # || f| (mod 3), then in particular this means that

1FGBM o 3D E NI 4300+ +nag),
which means that

1£G", 3 < IfIl 430+ -+ rag),
and therefore that

IFG™, 3" D) s < 1 IT+3(1 + - - - +1a),
ie., that (ny, ..., ng) € S. Applying what was proved in the previous paragraph now proves the statement.
As for the final statement, the set {§(f (3", ...,3")): (n1,...,n4) € Z‘i }ﬂ.@i‘tf” contains 8f(Nd \S)

(one may see the proof in [Altman 2015]) which in turn contains 3§ f(Nd) \ 87(S). Since the image
of &7 has order type o’ while 8 £(S) has order type less than w? — similarly to above, this follows
by the initial statement and Proposition 2.17 —it follows that 6 (N4 \ 8 £(S) has order type w? and
thus is cofinal in the image of 7, and thus has supremum §(f), and the same is true of the larger set
BCFGB™, ..., 3)  (n1, ...,ng) € 24,y N 24!, which is also bounded above by 8(f). O

Finally, one more property of low-defect polynomials we will need is the following:

Proposition 2.20. Ler f be a low-defect polynomial, and suppose that a is the leading coefficient of f.
Then || f|| = |la|l + deg f. In particular, 5(f) > 5(a) +deg f.

Proof. This is Proposition 3.24 from [Altman 2016]. O
With this, we have the basic properties of low-defect polynomials.

Remark 2.21. Note that one reason nothing is lost here by discarding the formalism of low-defect pairs
is that the low-defect pairs ( f, C) we will (implicitly) concern ourselves with in this paper are ones that
satisfy C —3logy m < deg f 4 1, where m is the leading coefficient of f. However, by Proposition 2.20,

deg f <8(f) <C —3logym <deg f + I;

thus C — || f|l = (C —3logym) —6(f) < 1 and so C = || f||. Thus if we were to use low-defect pairs,
we would only be using pairs where C = || f||, so we lose nothing by making this assumption.



INTEGER COMPLEXITY: THE INTEGER DEFECT 207

2C. Good coverings. We need one more set of definitions before we can state the theorem that will be
used as the basis of the proof of the main theorem. We define:

Definition 2.22. A natural number r is called a leader if it is the smallest number with a given defect.
By part (6) of Theorem 2.1, this is equivalent to saying that either 3{n, or, if 3 | n, then §(n) < §(n/3),
ie., |n|| <34 |n/3].

Let us also define:

Definition 2.23. For any real s > 0, define the set of s-defect numbers A to be
Ay :={neN:5(n) <s}.
Define the set of s-defect leaders Bs to be
By :={n € Ay : n is a leader}.
These sets are related by the following proposition from [Altman 2015]:

Proposition 2.24. For every n € Ay, there exists a unique m € By and k > 0 such that n = 3*m and
8(n) = 8(m); then ||n|| = ||m| + 3k.

Because of this, if we want to describe the set Ay, it suffices to describe the set B;. Now we can
define:

Definition 2.25. For a real number s > 0, a finite set S of low-defect polynomials will be called a good
covering for B, if every n € By can be efficiently 3-represented by some polynomial in § (and hence
every n € A can be efficiently represented by some f with f € 8) and if for every f € S, we have
3(f) <s, with this being strict if deg f = 0.

This allows us to state the main theorem from [Altman 2016]:
Theorem 2.26. For any real number s > 0, there exists a good covering of Bs.

Proof. This is Theorem 4.9 from [Altman 2016] rewritten in terms of Definition 2.25, and using low-
defect polynomials instead of pairs. (Any low-defect pairs (f, C) with C > || f||, can be filtered out of a
good covering, since such a pair can never efficiently 3-represent anything.) U

Note that by Proposition 2.20, if f is in a good covering of By with leading coefficient m, we must
have §(m) +deg f <s.

3. The integer defect

In this section we state some basic facts about D(n), what it means, and how it may be computed.
Let us start by giving another interpretation of what D(n) means:

Proposition 3.1. For a natural number n,
D(n) ={k:n < E(k) = E(|n]D}.

That is to say, D(n) measures how far down » is among numbers with complexity ||7||, measured
by how many values of E one passes as one counts downwards towards n from the largest number also
having complexity ||n]|.
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Proof. By definition, L(n) is the largest k such that E(k) < n. Since E (k) is strictly increasing, the
number of k such that n < E (k) < E(||n]|) is equal to the difference ||n| — L(n), i.e., D(n). Il

So for instance, one has that D(n) = 0 if and only if n is of the form E (k) for some k, i.e., n is the
largest number of its complexity; while D(n) <1 if and only if n > E(||n|| — 1), i.e., n is greater than
all numbers of lower complexity. Numbers n with D(n) < 1 will be discussed more in Section 5.

As for properties of the integer defect, it behaves largely analogously to the real defect:

Proposition 3.2. We have:

(1) Foralln, D(n) > 0.

(2) Foralln > 1, L(3n) = L(n) + 3.

(3) Forn > 1andk > 0, one has D(3*n) < D(n), with equality if and only if |3*n| = 3k + ||n]|.

(4) A number n > 1 is stable if and only if for any k > 0, D(3*n) = D(n).
Proof. Statement (1) is just the statement that L(n) < ||n||; this follows from the definition of L(n)
as E(||n|]) > n and so (as E (k) is increasing) one must have L(n) < ||n|. And once statement (2) is
established, statements (3) and (4) then follow from that and may be proved in exactly the same way their
analogous statements in Theorem 2.1 are proved. This leaves just statement (2) to be proved. Note that,
for any k > 1, E(k 4+ 3) = 3E (k). Therefore, for any k > 1, E(k 4+ 3) < 3n if and only if E(k) <n, and

so L(3n) = L(n) + 3; the only possible exception to this would be if one had L(n) = 1, which happens
only when n = 1. U

Note that while the theorem that for any n there is some k such that 3% is stable was originally proven
using the defect §(n), it could also just as well be proven using the integer defect D(n).
We can also of course define a stable variant of D(n):

Definition 3.3. For a positive integer n, we define the stable integer defect of n, denoted by Dy (n), to
be D(3*n) for any k such that 3%n is stable.

Note that Proposition 3.2 shows that this is well-defined.
Proposition 3.4. We have:
(1) Dg(n) = ming=q D(3*n).
(2) Forn > 1, Dy(n) = ||n||st — L(n).
(3) Dg(n) < D(n), with equality if and only if n is stable or n = 1.
4) Forn > 1, D(n) — Dg(n) = 8(n) — dy(n) = ||n|l — ||nls-

Proof. With the exception of (4), of which no analogue has previously been mentioned, these all follow
from Proposition 3.2 and their proofs are exactly analogous to those of the statements in Proposition 2.7;
meanwhile (4) follows immediately from (2) and the definition of D(n). O

We then also have the analogue of Proposition 3.1:

Proposition 3.5. For a natural number n > 1,

Dg(n) = |{k :n < E(k) < E(||nlls0)}!-
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Proof. Once again, by definition, L(n) is the largest k£ such that E(k) < n. And since E (k) is strictly
increasing, the number of k such that n < E (k) < E(||n||s) is equal to the difference ||n||sc — L (n), which
by Proposition 3.4 is Dg(n). O

Remark 3.6. It may seem strange that 1 needs to be excluded, given that its special status goes away
when stabilized. However, ||1||sc = 0, and E (0) is not defined, so n = 1 must still be excluded from the
theorem statement.

Note, by the way:
Proposition 3.7. For any natural number n, D(n) = 0 if and only if Dy (n) = 0.

Proof. Tt is immediate that a number n with D(n) = 0 is stable and so has Dy (n) =0 (unless n =1, in
which case one still has Dg(n) = 0). For the reverse, a number n has Dy (n) = 0 if and only if there is
some k such that D(3*n) = 0. However, as the numbers n with D(n) = 0 are precisely those numbers
of the form 3%, 2-3%, and 4 - 3%, we see that if n has Dy (n) = 0, it must itself be of one of these forms,
and thus have D(n) = 0. O

See Corollaries 5.2 and 5.3 for related statements.

Having discussed what D(n) is and how it acts, let us finally discuss how it may be computed. The
quantity D(n) is just the difference ||n|| — L(n). We know how to compute ||x||, although not necessarily
quickly; see [Arias de Reyna and van de Lune 2014] for the currently best-known algorithm for com-
puting complexity, and [Cordwell et al. 2019] for the best-known bounds on its runtime. But the other
half, computing L(n), is very simple and can be done much quicker, because it is given by the following
formula:

Proposition 3.8. For a natural number n,
L(n) = max{3|logz n], 3|logs(3n) | +2, 3| logs(4n) | +4.1}.

Proof. The quantity L(n) is by definition the largest k such that E (k) < n. The largest such k congruent
to 0 modulo 3 is 3[logs n| (so long as this quantity is positive; otherwise there is none), the largest such
k congruent to 2 modulo 3 is 3 Llog3(%n)J + 2 (with the same caveat), the largest such £ > 1 congruent
to 1 modulo 3 is 3 |_10g3(}Tn)J + 4 (again with the same caveat), and of course the largest such k equal
to 1is 1. So the largest of these is L(n) (and any of them that are not valid positive and thus not a valid
k will not affect the maximum). Il

Let us make here a definition that will be useful later:

Definition 3.9. For a natural number n, define R(n) =n/E(||n||). We also define R (n) to be R(3*n)
for any k such that 3*n is stable, or equivalently (for n > 1) as n/E(||n]|s).

This is easily related to the defect, as was done in an earlier paper [Altman 2015]:
Proposition 3.10. We have, forn > 1,
—3log; R(n) if lln]l =0 (mod 3),
d(n) =1 —-3logs R(n)+26(2) if |In||=1 (mod 3),
—3logz R(n)+45(2)  if [n]| =2 (mod 3),

and the same relation (without the n > 1 restriction) holds between Ry (n), ||n||st, and 8s(n).
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Proof. The relation between R(n) and &(n) is just Proposition A.3 from [Altman 2015], and the proof
for the stable case is exactly analogous. O

Now we see that in addition to being easy to compute L(n), it is also simple to determine D(n)
from §(n), at least if we know the value of ||n|| modulo 3, which technically is implicit in (n). First, a
definition:

Definition 3.11. Let a be a congruence class modulo 3 and k be a whole number. Define

k if k =a (mod 3),
t,(k)y=3k+612) ifk=a+1 (mod3),
k+28Q2) ifk=a+2 (mod3).
Now:

Theorem 3.12. Let n > 1 be a natural number. Then D(n) is equal to the smallest k such that §(n) <
tin| (k). Moreover, if n is any natural number, Dy (n) is equal to the smallest k such that 84 (n) <ty (k).

Since two numbers with the same defect also have the same complexity modulo 3 (and §(n) = 1 if and
only if n = 1), and the analogous statement is also true of stable complexity and defect, in particular we
have that if 5 (n) = 6(m) then D(n) = D(m), and if 8s;(n) = 8s(m) then Dy (n) = Dy (m).

Note in addition that since §(n) = 6 (m) implies g (n) = 85 (m) (see statement (2) in Proposition 2.7)
one has that if §(n) = §(m) then Dgy(n) = Dy (m).

Theorem 3.12 makes precise how D(n) is “almost [5(n)]”. It is, as was noted in the Introduction, not
the same, but it is the smallest k such that §(n) < #,(k), where 1, (k) may not be exactly k but never
differs from it by more than 2§(2) < 0.215.

Proof. We prove only the nonstabilized case, as the stabilized case is exactly analogous. We assume
n>1.

From Proposition 3.1, we can see that D(n) is determined by R(n) and the value of ||z| modulo 3.
Specifically,

’

D) = Hk :R(n) < E®) < 1}

E(|nl) —

so D(n) is the number of values of E(k)/E(||n||) in (R(n), 1]. What are the values of this? They can be
obtained as products of values E(k)/E (k + 1); this is equal to % when k =1 or 2 (mod 3) (for k > 1)
and to % when k =0 (mod 3).

Thus, if ||n|| =0 (mod 3), D(n) will increase whenever R(n) passes a value of the sequence 1, %, g, %,
311111

%, 2i7, é, ...3if lnfl =1 (mod 3), whenever it passes a value of the sequence 1, 7, 5, 3, 75 5 g» - - -> and
if ||n]| =2 (mod 3), whenever it passes a value of the sequence 1, %, %, %, %, é, %, .... (These sequences

are just the sequences obtained by taking products of one of the three shifts of the periodic sequence
5,517 35 10 - - -» note that regardless of which shift is used, the repeating part of the sequence always
has a product of %, and so the product sequences will always consist of three interwoven geometric
sequences each with ratio %.)

It just remains, then, to convert these values of R(n) to their equivalents in defects, which can be
done with Proposition 3.10. Once this is done one finds that the values of §(n) where D(n) increases are

precisely those listed in the definition of #,,, which completes the proof. O
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Theorem 3.12 will form half the proof of Theorem 1.8, and its stable analogue, Theorem 4.2; it tells
us that the values of D(n) “switch over” when §(n) is of the form &, k 4 6(2), or k +25(2) depending
on the congruence class of k — ||n|| modulo 3. The other half the proof is, of course, Theorem 1.9 (and
its stable analogue, Theorem 4.1), which will tell us that these changeover points are exactly the limits
of the initial ¥ defects in 2¢ (or D).

4. The order interpretation of D(n)

In this section we aim to prove Theorem 1.9 using the methods described in Section 1C; combined
with Theorem 3.12 from the previous section, this will prove Theorem 1.8. Really, we want to prove
generalizations:

Theorem 4.1. For any k > 0 and a, a congruence class modulo 3, the order type of 2° N[0, t,(k)] and
the order type of 75 N[0, t,(k)] are both equal to k.

Theorem 4.2. Let n > 1 be a natural number. Let ¢ be the order type of 2" N[0, 8(n)). Then D(n) is
st
{ ’

equal to the smallest k such that { < o*. The same is true if we replace §(n) by 84 (n), 2" by Qsl
and D(n) by D(n).

Note that the proofs in this section will rely heavily on the results in Sections 2B and 2C. Before we
prove these, though, we will need a slight elaboration on Proposition 2.19:

Proposition 4.3. Let f be a low-defect polynomial of degree d with §(f) < d + 1. Then the order type
of the set of all 8(N) for n 3-represented by f is exactly w®.

Proof. By Proposition 2.19, {S(f(?a”‘, ..., 3")): (ny,...,ng) € S} has order type less than »®. Mean-
while, also by Proposition 2.19, the set

{8(f@3",....,3"))  (ny,...,nq) & S}

has order type at least ?, and is cofinal in [0, &( ) (or [0,8(f)]if deg f = 0) and therefore in the set
of all §(N) for n 3-represented by f But in fact, for (n,...,ng) ¢ S, one has 8(f(3”‘, L., 3y =
d¢(ni, ..., ng), and so this set (even when f(3"!, ..., 3") is replaced by f(3”1, ..., 3%+1)) is a subset
of the image of é , which by Proposition 2.16 has order type w?. So the conditions of Proposition 2.18
apply, and the union of these two sets, the set of all §(n) for N 3-represented by f, has order type at
most w?. We already know by Proposition 2.16 it has order type at least w? so this proves the claim. [J

We now prove the main theorems of this section.

Proof of Theorem 4.1. We need to show that the order type of 2¢ N[0, ¢,(k)] and the order type of
24 N0, t,(k)] are both equal to k. This proof breaks down into two parts, an upper bound and a lower
bound. Since 7§ C 29, it suffices to prove the upper bound for 2 N[0, #,(k)] and the lower bound for
25N10, t,(k)].

We begin with the upper bound. First, we observe that #,(k) is not itself an element of ¢ for any
k > 0. We can see this as neither k + 6(2) nor k + 26 (2) is a defect for any k£ > O (such a defect would

have to come from some number n satisfying 3‘n = 2 or 3‘n =4 for £ > 0, which is impossible), and
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similarly no nonzero integer is a defect except k = 1, which though an element of 2 is by definition
excluded from all three 2 Thus

2°N10, t, (k)] = 2° N0, t,(k))

and we may concern ourselves with the order type of the latter.

Now we take a good covering S of By, ) as per Theorem 2.26. For any f € S with leading coefficient m,
we have the inequality 6(m) +deg f < 6(f) < t,(k). In particular, for any f € S, we have deg f <
lta(K)] = k.

Suppose now that deg f = k; then there is more we can say. For in this case, we have 6 (m) < 1, (k) —
k < 28(2). Thus 6(m) € {0, 5(2),25(2)} by Proposition 2.8. Note that by their respective definitions,
8(f)=46(m) (mod 1), and, as noted above, §(f) > deg f =k, and so

S(f=k+m)elk,k+55Q2),k+25(2)}.
Note that §(f) = k + 6 (m) means that
k+lim|l —3logzm = | f|l —3logzm

and therefore || f|| = k — ||m||. Moreover, if §(m) = 0, then m is of the form 3¢ (for some £ > 0) and
lm|| = 3¢, while if (m) = 8(2) then m is of the form 2 -3¢ with ||m| =2+ 3¢, and if §(m) = 28(2) then
m is of the form 4 - 3¢ with ||m| = 4 4 3¢; from this we can conclude that, modulo 3,

k if8(f) =k,
Ifll=1k—=2 if6(f)=k+35(Q2),
k—1 if8(f)=k+2502).
Now, let
Tr={8(f3™,...,3"*)) iny, ..., ngp1 =0} N 2,

where d = deg f. Then by the assumption that S is a good covering of B, ), we have

2°N10. t,(k) = | J Ty
fes
We want to show that the conditions of Proposition 2.18 hold for the sets T, so that we can conclude
that 2 N[0, t,(k)) has order type at most o*. If deg f < k, then, by Proposition 2.16, Ty has order type
less than ¥, and thus so does Tr N 2° Meanwhile, if deg f =k, then since 6(f) < 1,(k) <k+1, we
can apply Proposition 4.3 to conclude that the set of §(V) for N 3-represented by f has order type w*.
However, if §(f) # t,(k), then by the previous paragraph and Proposition 2.19, we see that while this
has order type o, Ty, which is its intersection with 2, has order type less than ok,

It remains to check, then, that when deg f = k and 6(f) = #,(k), that the set T is cofinal in
U fes Ty =2N|0,1,(k)), or in other words, simply that it is cofinal in [0, #,(k)). But this follows from
Proposition 2.19, which in fact goes further and states that Ty N 2§ is cofinal in [0, §(f)) = [0, 7,(k)).

Thus, applying Proposition 2.18, we conclude that 2¢ N[0, t,(k)) has order type at most w*. This
proves the upper bound.

To prove the lower bound, let us consider the low-defect polynomial

f=C((mx;+Dxa+1)--)xp+1
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(for a particular m to be chosen shortly) which has || f|| = ||m||+k. (The upper bound on || f|| is immediate
and the lower bound follows from Proposition 2.20.) For the value of m, we take

3 ifk—a=0 (mod3),
m=1{4 ifk—a=2 (mod3),
2 ifk—a=1 (mod?3),

so that |m|| =a —k (mod 3) and || f|| = a (mod 3), meaning 7}/ = 92,

Then 6(f) =t,(k) and so in particular §(f) < k+ 1, meaning once again we can apply Proposition 2.19
to conclude that the set

BOFGE™, ... 3" () € 2 n )]

has order type at least w*. Since this set is bounded above by §( f) = t,(k), and @s“tf I = 25, we conclude
that the order type of 75 N[O, t,(k)) is at least k. U

In particular this encompasses Theorem 1.9.
Proof of Theorem 1.9. This is just a rephrasing of Theorem 4.1 with the application to 7 omitted. [
Having proven Theorem 4.1, we can now combine it with Theorem 3.12 to obtain Theorems 4.2
and 1.8:

Proof of Theorem 4.2. By Theorem 3.12, D(n) is equal to the smallest k such that §(n) < £, (k).
However, since the order type of 21" N[0, 7, (k)) is equal to w*, one has that ¢ < * if and only if
8(n) < t)n) (k). Thus D(n) is equal to the smallest k such that ¢ < *. The proof for the stabilized version
is similar. O

Proof of Theorem 1.8. This is just the special case of Theorem 4.2 where we only consider é(n) and
not (). Il

5. Numbers r with D(n) <1

In the previous section we showed that the numbers with integral defect at most k correspond to the
initial o* defects in each of 2° 2!, and 2% In this section we take a closer look at the initial w, the
numbers with integral defect at most 1, and use this to generalize Theorem 1.10.

Let us start by listing all the numbers with integral defect at most 1:

Theorem 5.1. A natural number n satisfies D(n) <1 if and only if it can be written in one of the following
forms:

(1) 1, of complexity 1.

(2) 2¢3% for a < 10, of complexity 2a + 3k (for a, k not both zero).

(3) 242234 + 1)3* for a + b < 2, of complexity 2(a + b) + 3(£ + k) + 1 (for b, £ not both zero).
Proof. By Theorem 3.12, any n with D(n) < 1 must have §(n) < 1+2§(2). Theorem 31 from [Altman
and Zelinsky 2012] gives a classification of all numbers n with §(n) < 126(2), together with their com-
plexities; since 125(2) > 1+ 258(2), any n with D(n) < 1 may be found among these. (One may also use

the algorithms from [Altman 2018a] to find such a classification.) It is then a straightforward matter to
determine which of the n listed there have D(n) < 1. Il
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This has an important corollary:
Corollary 5.2. For any natural number n, D(n) = 1 if and only if Dy(n) = 1.

Proof. From Theorem 5.1, we see that if D(n) < 1 then we also have D(3kn) <1, and if D(3kn) <1
then we have D(n) < 1; this shows that D(n) < 1 if and only if Dg(n) < 1. Combining this with
Proposition 3.7 proves the claim. U

From this we can conclude:
Corollary 5.3. For any natural number n > 1, if D(n) < 2 then n is stable (and so Dg(n) < 2).

Proof. If D(n) = 0 or D(n) = 1, this is Proposition 3.7 or Corollary 5.2, respectively. If D(n) = 2,
then for any k > 0, if we had D(3*n) < 2, then, by Proposition 3.7 and Corollary 5.2, we would have
D(n) < 2, contrary to assumption; thus D3n) =2 forall k > 0, i.e., n is stable (by Proposition 3.4). [J

Note that the converse, that if Dy (n) < 2 then D(n) < 2, does not hold; for instance, we can con-
sider 107, which has Dg(107) =2 but D(107) = 3, or 683, which has Dy (683) =2 but D(683) =4. (It
is easy to verify that these numbers have stable integer defect at most 2 because D (321) = D(2049) = 2;
that these numbers do then have stable integer defect equal to 2 and not any lower can then be inferred
from Corollary 5.3. Alternately, the stable complexity, and thus stable integer defect, may be computed
with the algorithms from [Altman 2018a].)

However, for our purposes, the most important consequence of Corollary 5.2 is the following rephras-
ing of it:

Proposition 5.4. Let k > 1 be a natural number and suppose h is a value of R corresponding to a defect
in the initial w of 2*. Then if hE (k) is a natural number n, one has ||n| =k, and, moreover, n > E (k — 1).

Proof. Suppose hE (k) is a natural number n. We must have n > 1 because having h = 1/E (k) for
k > 1 would by Proposition 3.10 correspond to a defect which is a nonzero integer, and these (by
Proposition 2.7) do not exist.

Then there is, by definition of 4, some number m > 1 with ||m| = k (mod 3) and R(m) = h, i.e.,
m = hE(|jm|)). Since |m|| = k (mod 3) we see that m = n3¢ for some ¢ € Z, where £ = (||m| —k)/3.
But also we have D(m) < 1. Therefore, whether £ > 0 or £ < 0, we must have Dy(n) < 1, and so, by
Proposition 3.7 and Corollary 5.2, we have D(n) < 1. Then by Proposition 3.2, we have ||m| = ||n| + 3%.
From the definition of £ we also have |m| = k 4+ 3¢ and thus we conclude that ||n|| = k. And since
D(n) =1 this means (by Proposition 3.1) that n > E(k — 1). Il

We can now prove Theorem 1.12:

Proof of Theorem 1.12. Suppose we want to determine the r-th largest number of complexity k. This
is equivalent to determining the r-th largest value of R(n) = n/E (k) that occurs among numbers n
of complexity k, which is equivalent to determining the r-th smallest defect §(n) that occurs among
numbers n of complexity k.

Now, we can easily determine the initial values «y, ..., a, of 9% let hy, ..., h, be the corresponding
values of the function R, as given by Proposition 3.10. (For instance, for a way of getting Ay, ..., A,
directly rather than going by means of defects, one may take the numbers n given in Theorem 5.1, group
them by the residues of ||n|| modulo 3, and then sort them in decreasing order by R(n); note that the
values of R(n) obtained this way for any one congruence class of ||| modulo 3 will have reverse order
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r h corresponding leader

0 1 3=3120=213041

1 8/9 §=23=2!31+1)

2 64/81 64 = 2°

3 7/9 7=213141

4 20/27 20 =2'(3%+1)

5 19/27 19=213241

6 512/729 512=2°
(forn>4) 2n—1|2/3+2/3" 213141
(forn>4) 2n 2/3+1/3" 213n=14

Table 4. Table of &, for k =0 (mod 3).

r h corresponding leader

0 1 2=2!

1 8/9 16 =2*=223'+1)

2 5/6 5=223%41

3 64/81 128 =27

4 7/9 14 =212'3'+1)

5 20/27 40 = 2%2(3241)

6 13/18 13=223"41

7 19/27 38 =2'(213%241)

8 512/729 1024 =210
(forn>4) 3n—3 2/342/3" 223" 141)
(forn>4) 3n—2|2/3+1/2-3""1 223141
(forn>4) 3n—1 2/3+1/3" 21@213n=141)

Table 5. Table of &, for k =2 (mod 3).

type w.) One may see Tables 4, 5, and 6 for tables of the resulting values of 4. Then certainly, the r-th
largest number of complexity & is at most &, E (k), because the set of values of R(n) occurring for n with
|ln|| = k is a subset of the values of R(n) occurring for n > 1 with ||n|| = k (mod 3). However, it will
only be exactly the r-th largest number of complexity k if all of & through %, do indeed occur for some
n with |n|| = k.

But, by Proposition 5.4, this is equivalent to just requiring that all of the numbers hoE (k), ..., h, E (k)
are indeed whole numbers (and moreover when this does occur one will have #; E(k) > E(k —1)). In
other words, this is the same as requiring

—3 ming <, v3(hy) if k=0 (mod 3),
k> § —3ming<, v3(hs) +4 if k=1 (mod 3),
—3ming<, v3(hs) +2 if k=2 (mod 3).
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r h corresponding leader

0 1 4=22=341

1 8/9 32=2

2 5/6 10 = 3241

3 64/81 256 =28
(forn>2) n+2|3/4+1/(43") 34

Table 6. Table of &, for k =1 (mod 3) with k > 1.

So we have our 4, ,, and we can take K, , to be given by this formula. (Although since for Ky g it
may not may make much sense to take Koo = 0, one may wish to take K¢ o = 3 instead, as we have
done in Table 1.)

Combining this with Tables 4, 5, and 6 yields Tables 1, 2, and 3, and proves the theorem. O

Remark 5.5. While in the proof of Theorem 1.12 we have referred to facts proved in Section 4, none of
the techniques deployed in that section are necessary for the proof. For instance, one can easily verify
the values of the 29(w) by directly determining the initial @ elements without needing to determine it
for all w¥; indeed Tables 4, 5, and 6 essentially do this directly from Theorem 5.1.

As a final note, it is worth making formal a statement mentioned in Section 1B, that the numbers
hE (k) coming from Theorem 1.12 are almost exactly the n with D(n) < 1:

Proposition 5.6. A number n has D(n) < 1 if and only if there are some £ > 0, k > 1, and r > 0 such
thatk > K, and 3*n = h,  E (k).

Proof. We already know that if k > K, ; then, if we let m = h, x E(k), thatm > E(k — 1) = E(||m| — 1),
i.e., D(m) <1, and so if m = 3%n, then D(n) < 1 by Corollary 5.2.

Conversely, if D(n) <1, let h = R(n); then by the construction of the 4, , in the proof of Theorem 1.12,
and the fact that the values of R(n) for numbers n with ||n| in a fixed congruence class modulo 3 have
reverse order type w, there is some r such that 7 = h,,;. We may then take any k > K, ), with
k = |n|l (mod 3); then 3‘n = h, n E (k) = h, +E (k) for £ = (k — ||n]))/3. (|
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Generalized simultaneous approximation to m linearly dependent reals

Leonhard Summerer

In order to analyse the simultaneous approximation properties of m reals, the parametric geometry of
numbers studies the joint behaviour of the successive minima functions with respect to a one-parameter
family of convex bodies and a lattice defined in terms of the m given reals. For simultaneous approxima-
tion in the sense of Dirichlet, the linear independence over Q of these reals together with 1 is equivalent
to a certain nice intersection property that any two consecutive minima functions enjoy. This paper
focusses on a slightly generalized version of simultaneous approximation where this equivalence is no
longer in place and investigates conditions for that intersection property in the case of linearly dependent

irrationals.
1. Introduction
In Diophantine approximation the simultaneous approximation to m :=n — 1 real numbers &1, .. ., &, has
a long tradition, starting with Dirichlet who proved the existence of nontrivial solutions (x, yi, ..., ym) €Z"
to the system
x| < e,
E1x — yi| < e/,
(*)
|EmX — ym| <e”U/™
for any parameter ¢ > 0. In other words, if B(g) consists of points (pg, p1, ..., pm) With |pg| < €9,
|pil < e /™ for 1 <i < m, and A = A(§) the lattice of points (x, &1x — y1, ..., Epx — yp) With
(x,¥1, ..., Yym) € Z", Dirichlet’s theorem asserts that there is a nonzero lattice point in 5(g), i.e., that
the first minimum A;(g) with respect to B(g) and A is at most 1.
Lately, the successive minima functions A;(g), ..., A,(q) have been intensively studied within the

framework of parametric geometry of numbers, culminating in a fundamental paper of D. Roy [2015] in
which he reduces the problem of describing the joint spectrum of a family of exponents of Diophantine
approximation relative to (x) to combinatorial analysis. A main tool for the investigation of the successive
minima functions is the following result from [Schmidt and Summerer 2009]:

Proposition 1.1. Suppose 1, &, ..., &, are linearly independent over Q and let 1;(q) denote the succes-
sive minima with respect to A(§) and B(q). Then for every s < n there exist arbitrarily large values of q
fOi’ which As (Q) = )\s-H (CI)

The author was supported by FWF grant I 3466-N35.
MSC2010: 11HO06, 11J13.
Keywords: parametric geometry of numbers, successive minima, simultaneous approximation.
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An analogous result holds in the more general situation where a system of exponents (vo,—Vi, ...,—Vp)
with v; > 0for1 <i <m and vy — vy —--- — v,, =0 is considered (see [Schmidt and Summerer 2009],
page 72, Corollary 2.2). Here we normalize to the case vy = 1 so that v; + - - - + v, = 1 and denote by
BY(q) the box of points (pg, pi1, ..., pm) defined by |pg| <e?, |p;| <e "4 for 1 <i <m. This modifies
the initial system to

x| <e?,
|E1x — 1| < e,

(**)

1Emx — Ym| < e ",

When A={i; <---<ig} C{1,...,m},let ms : R* - R® be the map with

TA((Po, P1s -y Pm)) = (Piys - -, pi,) € R,

Proposition 1.1 and its generalization to successive minima with respect to A (§) and B"(q) were proved
in [Schmidt and Summerer 2009] by showing that the assumption of Theorem 1.1, page 69 of that paper
is fulfilled for A(§) and B¥(¢q) if 1, &4, ..., &, are linearly independent over Q. For the convenience of
the reader we state this result here in the present notation:

Theorem 1.2. Suppose for every s-dimensional space S spanned by lattice points (i.e., points of A),
there is some A C {1, ..., m} of cardinality s with m(S) = R’. Then there are arbitrarily large values
of g with As(q) = hs+1(q)-

The question of whether the condition in Theorem 1.2 and the condition of linear independence of
1,&1,...,&, in Proposition 1.1 are also necessary to guarantee that for given s we have arbitrarily large
values of ¢ with A;(g) = A;+1(g) (in the cases (x) and (xx)) was the major motivation for the subsequent
investigations. Regarding the set of exponents, we will without loss of generality suppose that

O<vi<y<---<vy, (1-0)

in addition to vy +---+ v, = 1.

It will follow from our exposition that in the standard simultaneous approximation case (x) where
v;i = 1/m we have A,_1(q) = A,(q) for some arbitrarily large ¢ if and only if the linear independence
condition is satisfied, in particular:

Corollary 1.3. Suppose &1, &, ..., &, are real numbers with & = &1 for some 1 < k < m, and
Ely .oy &1, &ty - -, E together with 1 are linearly independent over Q, and let 1;(q), 1 <i <n,
denote the successive minima with respect to A(&) and B(q). Then 7,_1(q) < ,,(q) for all sufficiently
large q.

On the other hand, if & = &1 and B(q) is replaced by 5"(q) with v,, sufficiently large compared
to v,,—1, the situation may be different. In fact, for £ = &; in the three-dimensional case (i.e., m = 2) we
will give a bound for v, that guarantees A»(g) = A3(q) for some arbitrarily large g in Section 4. All these
particular cases of simultaneous approximation to linearly dependent reals fit in the general situation
where for some k and r the real numbers &, §¢+1, ..., &x+r—1 are linear combinations of 1, &4y, ..., &n
with rational coefficients. For this setting we will state conditions that guarantee that A, (q) = A,—r+1(q)
in Section 2. The proof of this result will be given in Section 3.
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2. Basic notation and statement of the main result

We fix some exponents (1, —vy, ..., —v,) with v; + - - - + v, = 1 satisfying (1-0) in (xx) and write B(q)
briefly for the body introduced as 5”(g) in the Introduction. Moreover we choose r € {1, ..., m — 1} and
ke{l,...,m—1—r},sets :=n—r and define the sets B :={k,..., k+r—1}, C:={0,1,...,m}\ B,
D :={0,k+r,...,m} with cardinalities

|Bl=r, |C|=s, |Dl=s—k+]I,
aswell as C':= C\ {0}, D' := D\ {0}. Also let

VB :szi, | Yeld 2221)1',
ieB ieC’
so that vg + v = 1.
We will now consider the case of linearly dependent components &;, more precisely the case where

& =1Li(1,&,...,&) forjeB, 00
with 7 linear forms |
Li(po. pro-- pm) =Y ' p;
ieD

o))

i

()

with rational coefficients ¢;”” so that & =c” +> ;cpp clgj )5,-. Further put

) .— ) o 0
cV’ = g}; lc;”’| aswellas c¢:= max(l, Ijneaé(c ),
and let d be the least common denominator of the cl.(j ) with j € B, ieD. Note that d as well as ¢ depend
only on the coefficients of the system (2-0).

To any m-tuple (&1, ..., &,) we had already associated the lattice A = A(&) of points p(x) :=
(x,&x—y1, ..., Emx —ym), withx := (x, y1, ..., ym) € Z", and the successive minima A1(q), ..., A,(q)
with respect to B(g). We will write L;(q) = log(A;(g)) fori =1, ..., n so that by Minkowski’s second
theorem

Li(g)+---+Ln(g) <0. 2-1

Now let S be the s-dimensional subspace of R" spanned by the lattice points with y; =L; (x, y1, ..., Ym)
for j € B. Further we write SC for the s-dimensional space of points with coordinates 7;, where i € C,
and let A€ C S€ denote the s-dimensional lattice ¢ (A) consisting of points

(X, 81X = Y1, oy k1 X = Vi1, Ekr X = Yirs oo EmX — Ym),
With (X, Y1, ..oy Yk— 1, Years - - -» Ym) € Z°. Let B€(g) € S€ be the box with
ol < e, il <e "4 (i eC).

This box has volume 2°¢?7V¢9 = 2%¢"84, We will also need the successive minima AJ.C (q) as well as their
logarithms LJC (q), 1 < j <, that are defined in terms of B (¢) and A€. Minkowski’s second theorem
then implies

—qu—nlogn<L1C(61)+~--+Lsc(q). (2-2)
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Note that in the present situation the condition of Theorem 1.2 is not fulfilled for the s-dimensional
subspace S defined above. In fact, for any A C {1, ..., m} of cardinality s we have |A°| = r and A°
contains 0. Now § is the span of lattice points with y; = £;(x, y1, ..., y») for j € B and in view of (2-0)
these lattice points have

Eix —y; =Lj0,xE —y1, ..., xEy —Ym), JEB.

This may be interpreted as a system of r linear equations among the p; = x& — y;, withi € BUD'. As
0 ¢ BUD/', at most r — 1 of these indices are not in A. It follows that the p; with i € (BU D’) N A satisfy
at least » — (r — 1) linear relations; hence the projection w4 : S — R’ is not surjective.

However it will turn out that the condition is not necessary for the conclusion A;(q) = As41(g) for
arbitrarily large ¢. More precisely we will show:

Theorem 2.1. Let &1, &, ..., &, be real numbers satisfying (2-0) and s = n — r as already defined.
(a) The relation

LE(q) < vig —logc —2logd — 1 (2-3)

implies Ls(q) < Lsy1(q). If (2-3) holds for every large q, and {&; : i € C'} together with 1 are linearly
independent over Q, then for each j < s there are arbitrarily large values of g with Lj(q) = L;11(q).

(b) Assume that (2-3) is fulfilled for certain arbitrarily large q and that for some (other) arbitrarily
large g we have

LE(q) > vpq +n”. (2-4)
Then there exist arbitrarily large q with Ly(q) = L+1(q).

In the special case where (2-0) is reduced to

§ =" =&ktr, (2-5)
we have £;(1, &y, ...,&,) = &y so that C/(ch =1for j=k,...,k+r —1 and all other coefficients are
zero so that obviously c =d = 1. As (2-5) clearly implies &y =--- =&y, forany l € {1, ..., r}, we

may as well apply the above results with B:= {k+1,...,k+r—1}and C:= {0,1,...,m}\ B. In this
way we see that the relation

LS, (q) < vipg —1 (2-6)

implies Lsy;(q) < Lsy141(q) and that the fact (2-6) is fulfilled for certain arbitrarily large g together
with

LS (q) = vgq +n? 2-7)

for some other arbitrarily large g guarantees that there exist arbitrarily large g with L;4;(q) = Ls4;+1(q).

These results highlight the interest of considering parametric geometry of numbers in a more general
context than the classical simultaneous approximation problem as initiated in [Schmidt and Summerer
2009] and investigated in much more detail in [Schmidt > 2019].
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3. Deduction of Theorem 2.1

Assume that (2-0) holds for &1, &, ..., &, and keep all notation as introduced in Section 2. For points
p(x)in AN S with 7¢(p(x)) € BC(q) we get for j € B
Igj'x _yj| = |£](17 Sl’ e 7§m)x _Ej(xa }’1, ceey ym)|

<16 1Eetrx = Y|+ -+ 11 1Emx — Yl
< |C]((J_,2r|€_‘)k+rq 4.4 |C,S1j)|e_””’q

E C(j)e_‘)k+rq
< cDevid (3-0)

for large ¢ in view of (1-0). Hence by the definition of ¢ we have p(x) € cB(q). So if AB€(g) contains
s linearly independent points of A€, then cAB(g) contains s linearly independent points p(x) where
x € d~'7" and thus dcB(g) contains s linearly independent points p(x) of A NS. It follows that
rs(q) < dc)»sc (g) and consequently

Ly(q) < LE(g) +logc +logd. (3-1)

In combination with (2-3) that we assume in (a), (3-1) yields

Ls(g) <vrg —logd — 1. (3-2)
On the other hand, points in A outside S have y;, # L;(x, y1, ..., yn) for at least one jy € B, so that
|£;(x, Y1, ..., Ym) — Yjp| = d~". This implies

1Ejox — yjol = 1Lj (1, &1, ..., &)X — )|
=1Ljo (L, &1y e e En)X — Lig (X, V1u e ooy Ym) + Ljg (6, Y1y vy Ym) — Yjol

= |£j()(-xa Y1, .-, ym) _yj()l - |£j()(15 ‘i:l’ o 7$m)-x _ﬁjo(-xa Y1, oo, )’m)|
Z d_l _C(jO)e_vjoq

and hence |&;)x — yj,| > d~! — ce™"¥4 by the definition of ¢ and (1-0). Denoting by A, (g) the least A > 0
with p(x) € AB(g) and writing Ly (g) =log Ax(g), we thus have

Ae(g)= inf A>d 'e%l —¢
xerB(q)

for p(x) € A\ S, so that any lattice point outside S has
Ly(q) > veg —logd — 1 (3-3)
for sufficiently large ¢, so that certainly
Lsi1(q) > vig —logd — 1. (3-4)

Together (3-2) and (3-4) imply Ls(q) < Ls+1(g), i.e., the first assertion of (a).
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To prove the second assertion of (a) and part (b) we introduce the function

= min L
G(q) UL x(q),
which by (3-3) satisfies
G(q) > vg —logd — 1, (3-5)

and is continuous and piecewise linear. In particular, for those g for which (2-3) holds we have LSC(q) <
G(g) and thus

Li(q) =L (9) (3-6)
for all j <s.

Now assume that (2-3), hence (3-6), holds for all large g. If {£; : i € C’} together with 1 are linearly
independent over @ then Proposition 1.1 applied to simultaneous approximation of {& : i € C'}, i.e.,
successive minima defined with respect to A€ and B¢ (g), implies the existence of arbitrarily large ¢
with ch (q) = L].C+1 (g) for any j < s. In combination with (3-6) the second assertion of (a) follows.

In general, given any ¢, at least one of L{(g), ..., Ls4+1(g) will stem from a point p(x) outside S, say
Li(q) = Ly (g) with p(x) ¢ S, where [ is chosen minimal subject to this property. Note that the definition
of [ implies that (3-6) now holds fori =1, ...,/ —1.

If [ = s + 1, it follows from (2-2) that

LT (@) +-- + L (q) > —vgg —n? (3-7)
and by the definition of G combined with (2-4)
Ls+1(9) = G(q) > L{ (q) > veq +n’ (3-8)
holds for certain arbitrarily large g = go. Together (3-6)—(3-8) would imply
Li(qo) + -+ Ls+1(q0) > 0,

and as 0 < Lg41(qo) < Lg4+2(qo) + - - - + Ln(qo) this would contradict (2-1).
If [ < s then (2-1) yields

Li(@)+- -+ Li—1(@+(mn—1+1)G(g) <0,
which can be rephrased as

(n—1+1)G(q) < —Li(g) — - — Li_1(q)
=—L{ (@)= — L (q) (by (3-6))
<LE(@) +---+LE(@) +vpg+n?  (by (2-2)
<(+1-=DLE(q)+vpq+n°.

For g = go with (2-4) this yields (n — [+ 1)G(g) < (s — [+ 2)LSC (g0); therefore

s—=1+2 . c
G —FL <L;
(q0) < Py LR (0) = Ly (o)
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for some arbitrarily large go since s < n — 1 by definition. By assumption there are also arbitrarily large g;
with (2-3) for which we have Lsc(q 1) < G(q1), as already noticed. Since LSC as well as G are continuous,
there will be some ¢ in (gg, g1) with

LS (q) = G(qg). (3-9)

Since § has dimension s, we have Lyy1(g) > G(q) for every g. There are s linearly independent
lattice points p(x) in S with Ly(g) < Lsc(q), as well as a lattice point x ¢ S with Ly(g) = G(g), so
that by (3-9) we have L1 1(q) < G(q); hence Ly11(q) = G(gq). Also there are fewer than s independent
lattice points p(x) with Ly (g) < LSC (q) so that Li(g) = LSC (g). Therefore L;(q) = Ls+1(q); hence (b)
is proved.

4. Another version of Theorem 2.1

In order to apply Theorem 2.1 it is essential to be able to check whether the conditions (2-3) and (2-4) are
fulfilled for the given & and the given exponents. For this purpose, let us first replace the functions LE (¢)
defined with respect to B (¢) by functions LE () defined with respect to a set BC (¢) of volume 2°.
Define p and o by
p(s—vg)=s and o=p—1. (4-0)

Fori € C set u; := pv; + o so that
> ui=pve+(s— 1o
€€ —p(l—vg+s—D4+1l—s=ps—vg) —s+1=1
by (4-0). The box B €(q) is now defined by
Inol < e, Inil <e " (ieC),
which may also be written as
Inol <e=?9TP4, |ni| <e”TM (i e ).
Thus 3C(q) is e=°1B¢ (pq). The corresponding quantities ijc (g) for 1 < j <s have
LS (q) =oq+ L (pg).
Therefore (2-3) becomes
LE(q) <oq+ pvg —loge —2logd — 1
=(p(1+v)—1)g —logc—2logd — 1
_ SVk +vp

=———q —logc—2logd — 1.
S — VB

Moreover (2-4) becomes

s+ Dvp
B S —VpB

LE(q) = 0q + pvpqg +n* = (p(1 +vp) — g +n* q+n’.

We may thus rewrite Theorem 2.1 as:
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Corollary 4.1. Let &y, &, ..., &, be real numbers satisfying (2-0).

(a) The relation
iSC(LI)SMq—logc—ﬂogal—l (4-1)
S —Vp
implies Ly(q) < Ls11(q). If (4-1) holds for every large q, and {; : i € C'} together with 1 are linearly
independent over Q, then for each j < s there are arbitrarily large values of g with Lj(q) = L;11(q).

(b) Assume that (4-1) is fulfilled for certain arbitrarily large q and that for some (other) arbitrarily
large g we have

~ (s+1Dvp
LE(q) = ———q+n’.
S — Vg

(4-2)

Then there exist arbitrarily large g with Ly(q) = Ls11(q).

In this reformulation of the main result, the conditions to check, i.e., (4-1) and (4-2), are concerned
with the functions ilC (g), whose behaviour is rather well understood in the case where they stem from a
classical simultaneous approximation problem in lower dimension, hence when all u;, i € C are equal,
which amounts to all v;, i € C, are equal.

In particular, when all v; are equal this leads to the deduction Corollary 1.3: (2-0) reduces to the
equation & = &1, which is of the form (2-5) and we have B ={k}; hence C'={1, ..., k—1,k+1, ..., m}
and thus s = n — 1 = m. Moreover in the case of classical simultaneous approximation one has v; = 1/m
fori =1, ..., m so that relation (4-1) reads
1+1/m 1

—l=—q-1 (4-3)

LS(q) < —1—
m(q)_m_l/mq —

We claim that this relation holds for all sufficiently large ¢, so that assertion (a) of Corollary 4.1 yields
Ly(g)=L,-1(q) < L,(q) for all large ¢g. Indeed for the simultaneous approximation of m — 1 linearly
independent reals, here these are &y, ..., &—1, &+1, - . ., &n, One always has I:g (@) <q/(m—1)—g(q)
for some function g tending to infinity (see [Schmidt and Summerer 2009], page 77, equation (4.9)),
which implies (4-3).

Our next example deals with a case where not all the v; are identical and shows the existence of
&1, ...,&y and exponents vy, ..., v, for which the intersection properties of the successive minima
functions with respect to B"(gq) differ from those with respect to 5(g).

We consider the case m = 2 of simultaneous approximation to (£, £), where £ is an irrational number
with w(§) > 1. Here w (&) is the supremum of all 5 such that there are arbitrarily large values of Q
for which |éx — y| < Q7" has a nontrivial integer solution (x, y) with |x| < Q. Then the (single)
approximation constant

w—1

(&)= P

(as defined in [Schmidt and Summerer 2013], page 3) has ¢2(§) > 0. By Corollary 1.3 applied in the
case & = & =&, i.e., for classical simultaneous approximation to (§, &), we have A;(g) = Ax(q) for
some arbitrarily large g since & is irrational, whereas A;(q) < Az(g) for all sufficiently large ¢.
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We claim that this will not be the case for approximation relative to exponents (v, v) provided v, is
sufficiently large.
Corollary 4.2. Let & be an irrational number with ¢»(&) > 0 and let (v1, v2) be a system of exponents
with _

3—p2(8)

3+@(8)
Then for s € {1, 2} there exist arbitrarily large g = q(s) with Ly(q) = Ls+1(q).

vy >

Proof. For s =1 this is clear by the irrationality of £. So let s = 2 and apply Corollary 4.1 with B = {1}
and C = {2} so that s =2 and vg = 1 — v,. Note that by the definition of @,(&) and B¢ (q) we have
Moreover ¢ =d = 1 so that (4-1) reads
A 3— 3\)2
LS(g) <
2 (@) < T

q_lv

which is certainly fulfilled for some arbitrarily large g as 3 —3v, > 0 and liminf, _, o, I:2C (g)/q =0 for
single approximation.

On the other hand (4-2) becomes
3— 31)2
14+,
which is fulfilled for certain arbitrarily large ¢ provided

3—31, _ 3—¢2(08)
AU A W N

1—+4nu
So part (b) of Corollary 4.1 implies L>(q) = L3(g) for some arbitrarily large ¢ as desired. O

LS (q) > q+n?,

It remains to say a few words on the case where the v;, i € C, are distinct. Then the u; will be as well
and it is not clear how to check conditions (4-1) and (4-2) when the functions i? (g) do not stem from
classical simultaneous approximation. However in [Schmidt > 2019] a very precise description of the
possible behaviour of the successive minima functions defined with respect to A (§) and BY(g) is sketched.
In order to show the existence of real numbers for which those successive minima functions follow a
prescribed behaviour, an appropriate analogue of Roy’s results [2015, Theorem 1.3, Corollary 1.4] for
generalized systems of exponents would be needed. This would considerably broaden the range of
applications of the results in this paper.
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