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INTRODUCING PMP

We are very pleased to present the first issue of Probability and Mathematical Physics (PMP), a
new journal devoted to publishing the highest quality papers in all topics of mathematics relevant to
physics, with an emphasis on probability and analysis and a particular eye towards developments in their
intersection.

The interface between mathematical physics, probability and analysis is indeed an active and exciting
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In the first year since we began accepting submissions, the community has responded very positively
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Let Uy, : R — R? be a smooth vector field and consider the associated overdamped Langevin equation
dX,=—-Uy(X,)dt +~2hdB,

in the low temperature regime 2 — 0. In this work, we study the spectrum of the associated diffusion
L = —hA+ Uy, - V under the assumptions that U, = Uy + hv, where the vector fields

Up:R' > R?Y and v:RY— RY

are independent of & € (0, 1], and that the dynamics admits e’% dx as an invariant measure for some smooth
function V : R — R. Assuming additionally that V is a Morse function admitting 7 local minima, we
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4 DORIAN LE PEUTREC AND LAURENT MICHEL

1. Introduction

1A. Setting and motivation. Let Uj, : RY — R, d > 2, be a smooth vector field depending on a small
parameter & € (0, 1], and consider the associated overdamped Langevin equation

dX; = —U,(X,)dt +~/2hdB;,, (1-1)

where X, € R? and (B¢)s>0 1s a standard Brownian motion in R?. The associated Kolmogorov (backward)
and Fokker—Planck equations are then the evolution equations

dqu—+Lwu)=0 and 9 p+ L7 (p)=0. (1-2)
Here, the elliptic differential operator
L=—hA4+U,-V
is the infinitesimal generator of the process (1-1),
LT = —divo(hV + Uy)

denotes the formal adjoint of L, and for x € R? and > 0, u(z, x) = E*[f(X,)] is the expected value of
the observable f(X;) when Xg = x and p(¢, -) is the probability density (with respect to the Lebesgue
measure on R?) of the presence of (X;);>o. In this setting, the Fokker—Planck equation, that is, the second
equation of (1-2), is also known as the Kramers—Smoluchowski equation.

Throughout this paper, we assume that the vector field U;, decomposes as

U,=Uy+ hv

for some real smooth vector fields Uy and v independent of 4. Moreover, we consider the case where the
above overdamped Langevin dynamics admit a specific stationary distribution satisfying the following
assumption:

Assumption 1. There exists a smooth function V : R¢ — R such that LT (e="/") =0 for every h € (0, 1].

A straightforward computation shows that Assumption 1 is satisfied if and only if the vector field
Un = Up + hv satisfies the following relations, where we denote b := Uy — VV:

b-VV =0, div(v)=0, and div(h)=v-VV. (1-3)
Using this decomposition, the generator L writes

Lypyi=L=—hA+VV -V+b,-V, (1-4)

where
bp=b+hv=Uy—VV+hv=U,—VV. (1-5)

Note moreover that the two following particular cases enter in the framework of Assumption 1:

(1) The case where
b-VV =0, divb=0 and v=0, (1-6)

which is in particular satisfied when v = 0 and b is the matrix product b = JVV, where J is a
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smooth map from R into the set of real antisymmetric matrices of size d such that div(JVV) = 0.
For instance, this latter condition holds if J(x) = Jo V (x) for some antisymmetric matrices J (y)
depending smoothly on y € R.

(2) The case where
d
b=JVV and v= (Z a,-J,-j> , (1-7)

i=1 I<j=d

where J is a smooth map from R? into the set of real antisymmetric matrices of size d.

In the case of (1-7), Ly, has in particular the supersymmetric-type structure
Ly py=—het divo(e i (I — )V), (1-8)

and both cases coincide when by, has the form b, = b = JVV for some constant antisymmetric matrix J.
In the case of (1-6), the structure (1-8) fails to be true in general and we refer to [Michel 2016] for more
details on these questions. Let us also point out that under Assumption 1, the vector field b; defined
in (1-5) is very close to the transverse vector field introduced in [Bouchet and Reygner 2016] and then
used in [Landim et al. 2019].

In this paper, we are interested in the spectral analysis of the operator Ly j , and in its connections with
the long-time behavior of the dynamics (1-1) when 2 — 0. In this regime, the process (X;);>¢ solution
to (1-1) is typically metastable, which is characterized by a very slow return to equilibrium. We refer
especially in this connection to the related works [Bouchet and Reygner 2016; Landim et al. 2019] dealing
with the mean transition times between the different wells of the potential V for the process (X;);>o.
Our setting is also motivated by the question of accelerating the convergence to equilibrium, which is
of interest for computational purposes. It is known that nongradient perturbations of the overdamped
gradient Langevin dynamics

dX,=-VV(X,)dt +~2hdB, (1-9)

which preserve the invariant measure e~"/"dx cannot converge slower to equilibrium than the associated
gradient dynamics (1-9). See [Lelievre et al. 2013], where the authors considered linear drifts and
computed the optimal rate of return to equilibrium in this case.

1B. Preliminary analysis. In view of Assumption 1, we look at Ly j, acting in the natural weighted
Hilbert space L%2(R?, my,), where

my(dx) =27, e_%dx and Z, ::/ e_v/(f) dx. (1-10)
Rd

—V/h e LY(RY) for every h € (0, 1], which will be a simple consequence

Note that we assume here that e
of our further hypotheses. In this setting, a first important consequence of (1-3) is the following identity,

easily deduced from the relation div(bpe™"/" = 0:

Yu,veCORY),  (Lypuit, 0)120m,) = Uy Lv,—b—vV) 12(my)-
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In particular, using (1-4),

Re(Ly pott, ) 120,y = ((—hA+VV -V, u) 120, = hl|Vull3,

(mp) —

0 (1-11)

(mp) Z

for all u € Cf,’o([Rd), and the operator Ly j , acting on Cfo(Rd) in L2(RY, m},) is hence accretive.
Let us now introduce the confining assumptions at infinity on the functions V, b, and v that we will
consider in the rest of this work.

Assumption 2. There exist C > 0 and a compact set K C R? such that
V>-C onR’
and, for all x € R?\ K,

1
VV)lz & and [Hess V (x)| < C|VV (x)[% (1-12)

Moreover, there exists C > 0 such that the vector fields b = Uy — V'V and v satisfy the following estimate
for all x € R?:
b))+ [v(x)| = CA+IVV(X)]). (1-13)

One can show that when V is bounded from below and the first estimate of (1-12) is satisfied,
V(x) > C|x| outside a compact set, for some C > 0 (see, for example, [Menz and Schlichting 2014,
Lemma 3.14]). In particular, when Assumption 2 is satisfied, then e~V/* € L'(R?) for all & € (0, 1]
(which justifies the definition of Zj in (1-10)).

In order to study the operator Ly j, , in L%(R4, my,), it is often useful to work with its counterpart in
the flat space L?(R?, dx) by using the unitary transformation

_ 1

1 1
U: L2 (R, dx) — L* R, my), U)=m, u= z;e%u_
Defining ¢ := V /2, we then have the unitary equivalence

U*hLyp U= —h*A+ Vo> —hAp + by, -dyp = Ay + by, - dy, (1-14)

where .
W

dy :=dy ) :=hV + V¢ = he 1 Ve (1-15)

and
Agi=Agyi=—hA+|VH—hAp = —heh dive i dy

denotes the usual semiclassical Witten Laplacian acting on functions. It is thus equivalent to study Ly p .
acting in the weighted space L?(R¢, my) or

Py:=Ppp:=Ap+bp-dy (1-16)

acting in the flat space L>(R?, dx).
The Witten Laplacian Ay = Py 0,0, which is the counterpart of the weighted Laplacian

Lyoo=—hA+VV.V=hV*V

(the adjoint is considered here with respect to my,) acting in the flat space L?(R?, dx), is moreover
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essentially self-adjoint on C2°(R") (see [Helffer 2013, Theorem 9.15]). We still denote by A its unique
self-adjoint extension and by D(Ay) the domain of this extension. In addition, it is clear that for
every h € (0, 1], Age™%/" =0 in the distribution sense. Hence, under Assumption 2, since ¢ = V/2
satisfies the relation (1-12), e~%/" € L2(R%) and the essential self-adjointness of Ay then implies that
= D(Ay) so that 0 € Ker Ayg. It follows moreover from (1-12) and from [Helffer et al. 2004,
Proposition 2.2] that there exists 2o > 0 and co > 0 such that for all 4 € (0, A],

Uess(A¢) C [co, +o0l.

Coming back to the more general operator Py = Py, defined in (1-16), or equivalently to the operator
Ly p., according to the relation (1-14), the following proposition gathers some of its basic properties
which specify in particular the preceding properties of A4 (and their equivalents concerning the weighted
Laplacian Ly o). It will be proven in Section 2A.

Proposition 1.1. Under Assumption 1, the operator Py with domain C° (RY) is accretive. Moreover,
assuming in addition Assumption 2, there exists hy € (0, 1] such that the following hold true for every
h € (0, hol:

(i) The closure of (Py,C>° (R?)), that we still denote by Py, is maximal accretive, and hence its unique
maximal accretive extension.

(i) The operator P(;‘ is maximal accretive and Cfo(Rd) is a core for P; . We have moreover the inclusions
D(Ay) C D(Py)ND(P}) C D(Pg)UD(Py) C {u € L*(RY), dyu € L*[R")},

where, for any unbounded operator A, D(A) denotes the domain of A. In addition, for Py €{Py, P;},
we have the equality
Yu e D(Py), Re(Psu,u)=||dyull*.

(iii) There exists Ay > O such that, defining
Ipo:={Re(z) >0 and [Imz| < A¢max(Re(z),v/Re(z))} CC,

the spectrum o (Py) of Py is included in "5, and

Vzel§, N{Re(z) >0}, (P —2) s < R’

(iv) There exists c; > O such that the map z — (Py — 2 Vis meromorphic in {Re(z) < ¢} with finite
rank residues. In particular, the spectrum of Py in {Re(z) < c1} is made of isolated eigenvalues with
finite algebraic multiplicities.

(v) Ker Py =Ker Pj = Span{e=%/"} and 0 is an isolated eigenvalue of Py (and then of Pq’f ) with algebraic
multiplicity one.

From (1-14) and the last item of Proposition 1.1, note that Ker Ly 5, = Span{1} and that O is an
isolated eigenvalue of Ly j , with algebraic multiplicity one. Moreover, according to Proposition 1.1 and
to the Hille—Yosida theorem, the operators Ly p , and its adjoint L; by (in L*(R4, my,)) generate, for
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every h > 0 small enough, contraction semigroups (e’ L”ﬂ”),zo and (e_tLS‘F/thV)tzo on L*(R?, mj) which
permit us to solve (1-2).

1C. Generic Morse-type hypotheses and labeling procedure. In order to describe precisely, in particular
by stating Eyring—Kramers type formulas, the spectrum around O of Ly ; , (or equivalently of Py) in the
regime h — 0, we will assume from now on that V is a Morse function:

Assumption 3. The function V is a Morse function.

Under Assumption 3 and thanks to Assumption 2, the set &/ made of the critical points of V is finite.
In the following, the critical points of V with index 0 and with index 1, that is, its local minima and its
saddle points, will play a fundamental role, and we will respectively denote by 2/© and &V the sets
made of these points. Throughout the paper, we will moreover denote

no := card(u(o)).

From the pioneer work by Witten [1982], it is well-known that for every & € (0, 1] small enough, there is
a correspondence between the small eigenvalues of Ay and the local minima of ¢ = V /2. More precisely,
we have the following result (see [Helffer and Sjostrand 1985; Helffer 1988; Helffer et al. 2004; Michel
and Zworski 2018]).

Proposition 1.2. Assume that (1-12) and Assumption 3 hold true. Then, there exist €y > 0 and hg > 0
such that for every h € (0, hol, Ay has precisely ng eigenvalues (counted with multiplicity) in the interval
[0, eph]. Moreover, these eigenvalues are actually exponentially small, that is, they live in an interval
[0, Che_zg] for some C, S > 0 independent of h € (0, hg].

Since the operator Py = Ay + by, - dy is not self-adjoint (when by, # 0), the analysis of its spectrum
is more complicated than that of the spectrum of Ay. The following result states a counterpart of
Proposition 1.2 in this setting. In this statement and in the sequel, for any a € C and r > 0, we will denote
by D(a, r) C C the open disk of center a and radius r.

Theorem 1.3. Assume that Assumptions 1-3 hold true, and let €y > 0 be given by Proposition 1.2. Then,
for every €1 € (0, €p), there exists ho > 0 such that for all h € (0, hol, the set o (Py) N{Re z < €1h} is finite
and consists of

no = card(o (Ag) N{Rez < €oh})

eigenvalues counted with algebraic multiplicity. Moreover, there exists C > 0 such that for all h € (0, hg],
o(Py)N{Rez < e h} C DO, Chie 1),

where S is given by Proposition 1.2. In addition, for every € € (0, €1), one has, uniformly with respect to
<,
Vze{Rez<ehyNflzl >eh), [[(Pg—2) a2 =0h).

Lastly, all the above conclusions also hold for P; .
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Figure 1. Some level sets of a Morse function V such that V (x) — 400 when |x| = 400
and admitting five critical points: two local minima m; and m,, one local maximum p,
and two saddle points s; and s,. The point s; is nonseparating, whereas s; is separating.

This theorem will be proved in Section 2B using Proposition 1.2 and a finite-dimensional reduction. In
order to give sharp asymptotics of the small eigenvalues of Py, that is, the ones in D(0, Ch'/2e=5S/hy,
we will introduce some additional, but generic, topological assumptions on the Morse function V (see
Assumption 4 below). To this end, we first recall the general labeling of [Hérau et al. 2011] (see, in
particular, Definition 4.1 there) generalizing the labeling of [Helffer et al. 2004] (and of [Bovier et al.
2004; 2005]). The main ingredient is the notion of separating saddle point, from Definition 1.5 (see also
an illustration in Figure 1), after the following observation. Here and in the sequel, we define, for a € R,

(V<a):=V ' (~00,a)) and {V <a}:=V~((-o0,al),

and {V > a} and {V > a} in a similar way. The following lemma recalls the local structure of the sublevel
sets of a Morse function. A proof can be found in [Helffer et al. 2004].

Lemma 1.4. Let z € R? and V : R? — R be a Morse function. For any r > 0, we denote by B(z,r) C R?
the open ball of center z and radius r. Then, for every r > 0 small enough, B(z,r) N{V < V(z)} has at
least two connected components if and only if 7 is a saddle point of V, i.e., if and only if z € UV, In this
case, B(z,r) N{V < V(z)} has precisely two connected components.

Definition 1.5. (i) We say that the saddle point s € /(! is a separating saddle point of V if, for every
r > 0 small enough, the two connected components of B(s, ) N{V < V(s)} (see Lemma 1.4) are
contained in different connected components of {V < V (s)}. We will denote by VU the set made of
these points.

(ii) We say that o € R is a separating saddle value of V if it has the form o = V (s) for some s € V().

(iii)) Moreover, we say that E C R is a critical component of V if there exists o € V(YD) such that E
is a connected component of {V < o} satisfying dE NV £ &,

Let us now describe the general labeling procedure of [Hérau et al. 2011]. We will omit details when
associating local minima and separating saddle points below, but the following proposition (see [Di Gesl
et al. 2020, Proposition 18]) may be helpful to understand the construction.
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Proposition 1.6. Assume that V is a Morse function with a finite number of critical points and such that
V(x) = 400 when |x| = 4o00. Let A € R and let C be a connected component of {V < A}. Then,

cnYW £ @« cardCcNUD) > 2.

Let us also define
o := max V
cny®
with the convention o = ming V when C NV = @. Then:

(i) Forevery u € (o, A], the set CN{V < u} is a connected component of {V < u}.

(i) IFcnNV® £ @, then CNUD C {V < o} and all the connected components of CN{V < o} are
critical.

Under the hypotheses of Proposition 1.6, V(Y1) is finite. We moreover assume that ng > 2, so
that, under the hypotheses of Proposition 1.1 and of Theorem 1.3, O is not the only exponentially small
eigenvalue of P, (or equivalently of Ly 5, ,,) and V! # & by Proposition 1.6. We then denote the elements
of V(W) by 0» > 03 > - -- > oy, where N > 2. For convenience, we also introduce a fictive infinite
saddle value o1 = +o00. Starting from o1, we will recursively associate to each o; a finite family of local
minima (m; ;); and a finite family of critical components (E; ;); (see Definition 1.5).

Let Ny :=1, m =m; ; be a global minimum of V (arbitrarily chosen if there are more than one), and
E;.1 :=RY We now proceed in the following way:

o Let us denote, for some N, > 1, by E» 1, ..., E2 y, the connected components of {V < o2} which do
not contain m ;. They are all critical by the preceding proposition and we associate to each E ;, where
J €{l, ..., N2}, some global minimum m; ; of V|, ; (arbitrarily chosen if there are more than one).

o Let us then consider, for some N3 > 1, the connected components E3 1, ..., E3 y, of {V <03} which do
not contain the local minima of V previously labeled. These components are also critical and included in
the E> ; N{V <o3}’s, j €{l,..., N2}, such that E; ; N{V =03} NV £ & (and o3 = maxg, Ay V for
such a j). We then again associate to each E3 j, j € {l,..., N3}, some global minimum m3 ; of V|g, ;.

o We continue this process until having considered the connected components of {V < oy}, after which
all the local minima of V have been labeled.

Next, we define two mappings
E:U? 5> PRY and j:U® > PPV Us)),

where, for any set A, P(A) denotes the power set of A, and s; is a fictive saddle point such that
V(s1) =01 =400, as follows: foreveryi e {1,..., N} and j € {1, ..., N;},

E(mi,j) = E,"j (1-17)

and
j@m):={s;} and,wheni>2, j(m; ;) :=3E;, NV +a. (1-18)



SHARP ASYMPTOTICS FOR NONREVERSIBLE DIFFUSION PROCESSES 11

S(my )= +o0

S@my, 1)

Figure 2. A 1-D labeling example when V admits four local minima. In this example,
Vimy) < V(myy) = V(msy) = V(msp), jlmyy) = {s2}, jms1) = {831,532},
and j(m3 ) = {s32}. Note that other choices of construction of the maps j and E are
possible here since alrgminE2 V= {m> 1, ms3 1, m3,}.

In particular, E(m) = R and
Vie{l,..., N}, Vjel{l,....,N;}, D#jim;;)C{V=o0;}.
Lastly, we define the mappings

o: U — V(V(l)) U{o;} and S:uU” - (0, +00]

by
Vvmeu?, o@m):=V(jm)) and S@m):=o(m)—V(m), (1-19)

where, with a slight abuse of notation, we have identified the set V (j(m)) with its unique element. Note
that S(m) = +oo if and only if m = m. An example of the preceding labeling is given in Figure 2.

Our generic topological assumption is the following one. Assume that V' is a Morse function with a
finite number ng > 2 of critical points such that V (x) — +o00 when |x| - +o00, and let E : U O - PRY)
and j : U© — PV U{s;}) be the mappings defined in (1-17) and in (1-18).

Assumption 4. For every m € U”, the following hold true:

(1) The local minimum m is the unique global minimum of V|ggn),
(ii) For allm’' e U0\ {m}, jm)N jm') = @.
In particular, V uniquely attains its global minimum, at m € /%,

Note that the example of Figure 2 does not satisfy Assumption 4 since neither item (i) nor (ii) holds
there. See also Figure 3 for a similar example satisfying Assumption 4.

Let us moreover underline that this assumption is a little more general than the one considered in the
generic case in [Helffer et al. 2004; Hérau et al. 2011] (see also [Bovier et al. 2004; 2005]) where, for
instance, each set j(m), m € U \ {m}, is assumed to only contain one element.
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S@my, 1)

Figure 3. A 1-D example when V admits four local minima and satisfies Assumption 4.
Here, V(my 1) < V(my1) < V(mz,) = V(ms2), jma) = {s2}, jlms1) = {s3.1},
and j(ms o) = {s32}. Moreover, E, and E3 denote respectively the sets E(my 1) and
E(m3 1) = E(m3) introduced in Remark 1.7.

Remark 1.7. One can also show that Assumption 4 implies that for every m € U©) such that m # m, there
is precisely one connected component E (m) # E(m) of { f < o (m)} such that E (m)NE(m) # 2. In
other words, there exists a connected component E (m) # E(m) of { f <o (m)} such that j(m) C dE (m).
Moreover, the global minimum m’ of V|E(m) is unique and satisfies o (m’) > o (m) and V (m') < V (m)
(see examples of such sets in Figure 3). We refer to [Michel 2019] or [Di Gesu et al. 2020] for more
details on the geometry of the sublevel sets of a Morse function.

1D. Main results and comments. In order to state our main results, we also need the following lemma
which is fundamental in our analysis.

Lemma 1.8. For x € RY, let B(x) := Jac,b denote the Jacobian matrix of b= Uy— V'V at x, and consider
a saddle point s € U,

(i) The matrix Hess V (s) + B*(s) € M4(R) admits precisely one negative eigenvalue . = 1i(s), which
has moreover geometric multiplicity one.

(ii) Denote by & = &(s) one of the two (real) unitary eigenvectors of Hess V (s) 4+ B*(s) associated with ji.
The real symmetric matrix
My :=Hess V(s) +2|u|EE™

is then positive definite and its determinant satisfies
det My = — detHess V (s).

(iii) Lastly, denoting by A1 = L1 (s) the negative eigenvalue of Hess V(s), || > |A1|, with equality if and
only if B*(s)§ =0, and
(Hess V() 7'6.6) = - <0.

Note that the real matrix Hess V (s) + B*(s) of Lemma 1.8 is in general nonsymmetric. Let us also
point out that the statements of Lemma 1.8 already appeared in the related work [Landim et al. 2019] (see
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in particular the beginning of Section 8 there), and in [Landim and Seo 2018], where proofs are given
(see Section 4.1 there). We will nevertheless give a proof in Section 3 for the sake of completeness.
We can now state our main results.

Theorem 1.9. Suppose that Assumptions 1-4 hold true, and let €y > 0 be given by Proposition 1.2. Then,
for all €; € (0, €), there exists hg > 0 such that for all h € (0, hol, one has, counting the eigenvalues with
algebraic multiplicity,

o(Lyp.)N{Rez < €1} = {A(m, h), m e U},

where, denoting by m the unique absolute minimum of V, A(m, h) = 0 and, for allm # m, \(m, h)
satisfies the Eyring—Kramers type formula

2m, by = t(mye 1 (14+0(h)), (1-20)
where S : U — (0, +00] is defined in (1-19) and, for every m € U0 \ {m},

det Hess V(m)5< [ (s)] )

cm) = —— -
T sejm) |detHess V(s)[2

(1-21)

where j : U — POV U{s)) is defined in (1-18) and the ju(s)’s are defined in Lemma 1.8. In addition,
o(Ly,—p—v)N{Rez <€} =0 (L}, ) N{Rez <€} ={A(m, h), m eV},

Remark 1.10. In the case where V has precisely two minima m and m such that V (m) = V (i), the
above result can be easily generalized. In this case, using the definitions of S and j given in (1-19)
and in (1-18) (note that the choice of m among the two minima of V is arbitrary in this case), we have,
counting the eigenvalues with algebraic multiplicity, for every & > 0 small enough,

o(Lypv) N{Rez < €1} =1{0, A(m, h)},

where
S(m
am, h) =¢(mye " (1+0(Vh))
with 1 1
£ (m) detHess V(m)2 +detHess V (m)2 < [ (8)] )
m) = .
27 sejm) |detHess V(s)|%

Moreover, since o (Ly p) =0 (Ly p,,), the eigenvalue A(m, h) is real.

Let us make a few comments on Theorem 1.9.

First, observe that if we assume that U;, = V'V, that is, that b, = 0 (see (1-5)), we obtain the precise
asymptotics of the small eigenvalues of Ly oo (or equivalently of Ay after multiplication by 1/h;
see (1-14)) and hence recover the results already proved in this reversible setting in [Bovier et al. 2005;
Helffer et al. 2004] (see also [Menz and Schlichting 2014] for an extension to logarithmic Sobolev
inequalities). In this case, for every saddle point s appearing in (1-21), the real number 1 (s) is indeed the
negative eigenvalue of Hess V (s) according to the first item of Lemma 1.8. We also point out that under
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the hypotheses made in [Bovier et al. 2005; Helffer et al. 2004], the set j (m) actually contains one unique
element for every m € U9 \ {m}. Moreover, our analysis permits us in this case to recover that the error
term O(v/h) is actually of order O(h), as proven in [Helffer et al. 2004]. However, it does not permit us
to prove that this O(h) actually admits a full asymptotic expansion in & as proven in [Helffer et al. 2004].
To the best of our knowledge, the above theorem is the first result giving sharp asymptotics of the
small eigenvalues of the generator Ly j, in the nonreversible case. Similar results were obtained by
Hérau, Hitrik and Sjostrand for the Kramers—Fokker—Planck (KFP) equation in [Hérau et al. 2011]. They
deal with non-self-adjoint and nonelliptic operators, which makes the analysis more complicated than
in our framework. However, the KFP equation enjoys several symmetries which are crucial in their
analysis. First of all, the KFP operator has a supersymmetric structure (for a nonsymmetric skew-product
(-, - Ykrp) Which permits them to write the interaction matrix associated with the small eigenvalues as a
square M = A*A, where the adjoint A* is taken with respect to (-, - )xpp. Using this square structure, the
authors can then follow the strategy of [Helffer et al. 2004] to construct accurate approximations of the
matrices A and A*. However, since (-, - )gpp is not a scalar product, they cannot identify the squares of
the singular values of A with the eigenvalues of M. This difficulty is solved by using an extra symmetry
(the PT-symmetry), which permits the modification of the skew-product (-, - )kpp into a new product
(-, - )xrps, Which is a scalar product when restricted to the “small spectral subspace”, and for which the
identity M = A* A remains true with an adjoint taken with respect to { -, - yggps. This permits a conclusion
as in [Helffer et al. 2004], using in particular the Fan inequalities to estimate the singular values of A.

In the present case, neither of these two symmetries are available in general (Ly p ., or equivalently Py,
enjoys a supersymmetric structure when b and v satisfy the relation (1-7) however; see (1-8) or Remark 3.2).
We developed an alternative approach based on the construction of very accurate quasimodes and partly
inspired by [Di Gesu and Le Peutrec 2017] (see also the related constructions made in [Bovier et al. 2004;
Landim et al. 2019; Le Peutrec and Nectoux 2019]). This permits the construction of the interaction
matrix M as above. However, since we cannot write M = A* A and use the Fan inequalities as in [Helffer
et al. 2004; Hérau et al. 2011] (and, e.g., in [Helffer and Nier 2006; Le Peutrec 2010; Michel 2019;
Di Gesu et al. 2020; Le Peutrec and Nectoux 2019]), we have to compute directly the eigenvalues of M.
To this end, we use crucially the Schur complement method. This leads to Theorem A.4 in the Appendix,
which permits us to replace the use of the Fan inequalities to perform the final analysis in our setting. We
believe that these two arguments are quite general and may be used in other contexts.

Though it is generic, one may ask if Assumption 4 is necessary to get Eyring—Kramers type formulas
as in Theorem 1.9. In the reversible setting, the full general (Morse) case was recently treated in [Michel
2019], but applying the methods developed there to our nonreversible setting was not straightforward
and we decided to postpone this analysis to future works. In connection with this, let us point out that
in the general (Morse) case, some tunneling effect between the characteristic wells of V defined by the
mapping E (see (1-17)) mixes their corresponding prefactors; see Remark 1.10, or [Michel 2019] for
more intricate situations in the reversible setting.

Note that Theorem 1.9 does not state that the operator Ly j,, is diagonalizable when restricted to the
spectral subspace associated with its small eigenvalues. Indeed, since Ly , is not self-adjoint, we cannot
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exclude the existence of Jordan’s blocks. We cannot exclude the existence of nonreal eigenvalues either,
but the spectrum of Ly j, is obviously stable by complex conjugation since Ly , is a partial differential
operator with real coefficients. However, in the case where for every m € U9 \ {m}, the prefactors ¢ (m’)
defined in (1-21) are all distinct for m’ € S~!(S(m)), the A(m, h)’s, m € U?, are then real eigenvalues
of multiplicity one of Ly ,, and its restriction to its small spectral subspace is diagonalizable.

Coming back to the contraction semigroups (e*’LV-b’V),Zo and (e’ L?bvv),zo on L2(R?, my,) introduced
just after Proposition 1.1, Theorem 1.9 has the following consequences on the rate of convergence to
equilibrium for the process (1-1).

Theorem 1.11. Assume that the hypotheses of Theorem 1.9 hold and let m* € YD \ {m} be such that

S(m*) = max S(m) and ((m*)= min  Z(m), (1-22)
meld©® meS~1(S(m*))
where the prefactors ¢ (m), m € U \ {m}, are defined in (1-21), and S : U — (0, +0o0] is defined
in (1-19). Let us then define, for any h > 0,

m*)

S
Ah) :=c(m® e i

Then, there exist hg > 0 and C > 0 such that for every h € (0, hy],
VEZ0, e = Tlol 2gn,) £20m,) < CeHPA=EVDY, (1-23)

where Iy denotes the orthogonal projector on Ker Ly j , = Span{1}:
VueL*(my), Tou= (u, )24, :/ udmy.
R4

Assume moreover that (X;)>0 is a solution to (1-1) and that the probability distribution oo of Xo admits a
density g € L2(R?, my,) with respect to the probability measure my,. Then, for every t > 0, the probability
distribution o; of X, admits the density p; = e_tLT’vb~vM0 e L2(R?, my) with respect to my,, and for every
h € (0, hol,

Vi=0, llor—willry < Cliwo— 1l p2gmye A=V, (1-24)

where ||-||Tv denotes the total variation distance.

Finally, when there exists one unique m* satisfying (1-22), the eigenvalue A(m*, h) associated with m*
(see (1-20)) is real and simple, and the estimates (1-23) and (1-24) hold if one replaces A(h)(1 — C Vh)
by M(m™*, h) in the exponential terms.

Theorems 1.9 and 1.11 describe the metastable behavior of the dynamics (1-1) from a spectral
perspective.

Concerning the question of accelerating the convergence to equilibrium mentioned at the end of
Section 1A, the exponential rate of convergence to equilibrium appearing in the estimates (1-23) and (1-24)
is generically strictly larger than the optimal rate for the associated gradient dynamics (1-9). To be more
precise, let us assume, as in the last part of the statement of Theorem 1.11, that there exists one unique
m* satisfying (1-22). The exponential rate of return to equilibrium appearing in (1-23) and (1-24) is
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then given by the spectral gap A(m*, h) of Ly ;. Moreover, denoting by AY (m*, h) the spectral gap
of the generator Ly o of the associated gradient dynamics (1-9), that is, the optimal rate of return to
equilibrium in the gradient setting, it follows from Theorem 1.9 and item (iii) in Lemma 1.8 that, as soon
as B*(s*) # 0 for at least one s* € j(m*), the ratio of the rates A(m*, h)/AY (m*, h) converges to some
constant ¢ > 1 when & — 0.

In addition, it is not difficult to see that playing with bj,, one can make limy,_,o(A(m*, h)/AY (m*, h))
arbitrarily big. Taking, for example, b, =b=aJ V'V around s* for a € R and some constant antisymmetric
and invertible matrix J,

.. A(m*,h)
lim lim =

———— = +o0.
a—00 h—0 AV (m*, h) +

Nevertheless, making this limit too big will deteriorate the constant C appearing in (1-23) and (1-24),
as well as the interval (0, ho] > h for which these estimates remain relevant. A more interesting problem
is the computation of the optimal rate when /A is small but fixed, that is, when the preceding J has
a constant size (see [Lelievre et al. 2013] in the case of linear drifts). We did not perform the whole
computation, but a partial one seems to indicate that the optimal (or at least a reasonable) choice for J is
given when it sends the unstable direction of Hess V (s*) onto one of its stable directions corresponding
to a maximal eigenvalue.

A closely related point of view to ours is to study the mean transition times between the different wells
of the potential V for the process (X;);>0 solution to (1-1). In the nonreversible case, this question has
been studied recently, e.g., in [Bouchet and Reygner 2016; Landim et al. 2019], to which we also refer
for more details and references on this subject.

In [Bouchet and Reygner 2016], an Eyring—Kramers type formula (for the mean transition times) is
derived from formal computations relying on the study of the appropriate quasipotential. In the case of a
double-well potential V and under the assumption that U, = VV + b (that is, that v = 0; see (1-5)) for
some vector field b only satisfying - VV = 0 (that is, without assuming div b = 0 as we do when v = 0;
see (1-3)), Bouchet and Reygner derived their formula (5.65), which, compared to a formula such as (the
inverse of) (1-20), contains some extra term in the prefactor which measures the non-Gibbsianness of
their situation.

In this general setting, the measure m, is indeed invariant for the dynamics if and only if divb =0, and
this extra term involves the integral of the function F := div(b) along the so-called instanton trajectory.
Under the additional assumption that m;, is invariant (that is, that F' = 0), this extra term equals 1, which
leads to the formula (5.66) in [Bouchet and Reygner 2016], which is similar to (the inverse of) (1-20)
in Theorem 1.9 (see more precisely Corollary 1.12, which clarifies the relation between eigenvalues of
Ly p,, and mean transition times). In the present paper, we restrict ourselves to the Gibbsian case, so
that our formulas do not contain any extra prefactor as discussed above. It would be of great interest to
study the general case of a drift of the form VV + b, where b - VV = 0 but without assuming divb = 0,
by mixing our approach and quasi-potential constructions.

In [Landim et al. 2019], the authors use a potential theoretic approach to prove an Eyring—Kramers
type formula similar to the formula (5.66) of [Bouchet and Reygner 2016] in the case of a double-well
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potential V, when b and v satisfy the relation (1-7) in such a way that Ly j , has the form (1-8). Though
the mathematical objects considered in [Landim et al. 2019] and in the present paper are not the same,
these two works share some similarities. Nevertheless, we would like to emphasize that our approach
permits us to go beyond the supersymmetric assumption (1-7) and to treat the case of multiple-well
potentials.

To be more precise on the connections between the present paper and [Landim et al. 2019] (and also
[Bouchet and Reygner 2016]), we conclude this introduction with the corollary below, which combines
the results given by Theorem 1.9 when V is a double-well potential and [Landim et al. 2019, Theorem 5.2
and Remarks 5.3 and 5.6]. This result generalizes in particular, in this nonreversible double-well setting,
the results obtained in the reversible case in [Bovier et al. 2004; 2005] on the relations between the small
eigenvalues of Ly j , and the mean transition times of (1-1) when b =v =0.

Corollary 1.12. Assume that the hypotheses of Theorem 1.9 hold, with

lim ——.VV@) =400 and lim |VV(x)| —2AV(x) =400,
|x]——+00 |x| |x|——+00

and that V admits precisely two local minima m and m such that V (m) < V (m) (hence V'V = j(m)).
Assume in addition that b and v satisfy the relation (1-7), and hence that b = JVV for some smooth
map J from R? into the set of real antisymmetric matrices of size d, and that J is uniformly bounded
on R Let O(m) be a smooth open connected set containing m such that O(m) C {V < & (m)}. Let then
(X1)i>0 be the solution to (1-1) such that Xo = m and let

Tom) = inf{t > 0, X, € O(m)}

be the first hitting time of O(m). The expectation of Toum) and the nonzero small eigenvalue (m, h) of
Ly p., are then related by the following formula in the limit h — 0:

YO (1+O(VhIInhP?)).

Let us mention here that the hypotheses of Corollary 1.12 are simply the minimal hypotheses permitting

E(tom)) =

the simultaneous application of Theorem 1.9 and [Landim et al. 2019, Theorem 5.2] in its refinement
specified in [Landim et al. 2019, Remark 5.6].

2. General spectral estimates

2A. Proof of Proposition 1.1. The unbounded operator (Py, C(?O(Rd )) is accretive, since, according to
(1-11), one has
Vu e CPR?Y), Re(Pyu,u) = (Agu,u) = |dyull* > 0. (2-1)

In order to prove that its closure is maximal accretive, it then suffices to show that Ran(Py + 1) is dense in
L%(R?) (see, for example, [Helffer 2013, Theorem 13.14]). The proof of this fact is rather standard but we
give it for the sake of completeness (see the proof of [Helffer and Nier 2005, Proposition 5.5] for a similar
proof). Suppose that f € L*(R%) is orthogonal to Ran(Py + 1). Then (P(;‘ 4+ 1) f = 0 in the distribution
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sense and, since Py is real, one can assume that f is real. In particular, since P; = Ay — by, - dy is elliptic
with smooth coefficients, f belongs to C*®(R?). Thus, for every { € C?O(Rd, R), one has

W (V). VEC )+ / (VPP —hAp+1) f2 = (Py+1)if, ¢ f) = h? / V¢ f2=h / (by-d)¢ f2.

Take now ¢ suchthat0 <¢ <1, ¢ =1o0n B(0, 1) and supp ¢ C B(0, 2), and define ¢ := ;‘(E) for k € N*.
According to (1-13) and to the above relation, there exists C > 0 such that for every k € N*,

h? h
f;,3<|V¢|2—hA¢+1>f2scp||f||2+cz||f||u(1+|V¢|>zkf||

1 h? 2, € 2
§C<1+Z>ﬁl|f” +§CII(1+|V¢I)§kf|| ,

where € > 0 is arbitrary. Choosing € = 1/(2C) and using (1-12), it follows that for every 4 > 0 small
enough,

h2
L5 fI? = / G (3IVeP —hap+3) £ = C(1+) HIFI%

which implies, taking the limit k — +o0, that f = 0. Hence, the closure of Py, that we still denote by Py,
is maximal accretive. Note moreover, that (2-1) implies that D(Py) C {u € L?(R%), dpu € L*(R%)} and
that Re(Pyu, u) = ||dyu|| for every u € D(Py).

Let us now prove that D(A4) C D(Pg), which amounts to showing that for every u € D(Ay), there
exists a sequence (u,),en Of C2° (R?) such that u,, — u in L*>(R?) and (Pypun)nen is a Cauchy sequence.
Since (Ay, CS"(R" )) is essentially self-adjoint, for any such u, there exists a sequence (u,),en in Cfo([R?d )
such that u,, — u in L2(R?) and (Agun)nen is a Cauchy sequence, and it thus suffices to show that
(bp, - dpun)nen is also a Cauchy sequence. For this purpose, we introduce the exterior derivative d acting
from O-forms into 1-forms and the twisted semiclassical derivative dy = e /" o hd o ¢?/". Note that the
notation dy has actually already been defined in (1-15) with a different meaning; we are thus using here
a slight abuse of notation, by identifying the exterior derivative d acting on functions with V. Thanks to
(1-12) and (1-13), there exists C > 0 such that for every 4 > 0 small enough and every u € C° (R4), one has

b - dgu]|* < / b ldgul* < C(IV| dpu, dgue) + Clldgul® < 2C(AY dyu, dpu) +2C |ldgul,

where Ag) denotes the Witten Laplacian acting on 1-forms, that is,
AL = AD @1d+2h Hess ¢ = (—h* A + V| — hA¢) ®1d +2h Hess ¢.
Combined with the intertwining relation Ag)dqs =dy Ag)), we get
by - dgue > < 2C (1A ul* + dgul|®) < 2CI A ull (1A ull + llll) (2-2)

for every u € C2° (R%). This implies that for any Cauchy sequence (#,),en in L*(R?) such that (Aptn)neN
is a Cauchy sequence, (by, - dyutn)nen 1s also a Cauchy sequence, and thus that D(Ag) C D(Py).
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The statement about Pg is then a straightforward consequence of the above analysis. Indeed, since
P(;," = Ay — by -dy on Cfo(Rd ), the above arguments imply that the closure of (P;, c (R?)) is maximal
accretive and that its domain contains D(Ag). Moreover, Pd’f is maximal accretive since Py is, and hence
coincides with the closure of (Pq;k ,CX (R%)).

Let us now prove the statement on the spectrum of Py. Throughout, we will denote C. = {Re(z) > 0}.
It follows from (1-12) and from (1-13) that for every u € Cé’o([RRd ), it holds that, for some C > 0 and every

h > 0 small enough,
(i - dgu, u)| < lldgullllbpull < C(Idgull? + lullldgul). (2-3)

Set Ag=5C for some C > 1 satisfying (2-3), and let z € C. be such that |Im(z)| > Ag max(Re(z), v/Re(z) ).
Suppose first that Re(z)|u||> > %Ild(pu |I>. Then, thanks to the estimate (2-3), we have

(b - dy — i Im(2))u, u)| > (ITm(z)| — C(2Re(z) ++/2Re(2) )) [lu?
> C max(Re(z), y/Re(z) ) [[ull* > Re(z)|ull*.
Since [((by, - dp — i Im(2))u, u)| < [((Pyp — z)u, u)|, this implies that

{(Pp — 2u, u)| = Re(@)lul*. (2-4)
Suppose now that Re(z)||u||? < %||d¢u 2. One then directly obtains
[((Py — 2)u, u)| = ((Ag —Re(2)u, u) > Re(2)|ull,
which, combined with (2-4), implies that
[(Pp — 2)ull = Re(z) [|ul] (2-5)

for every z € C1 \T'a, and u € C°(R?). Since Py is closed, it follows that Py — z is injective with closed
range, and hence semi-Fredholm, for every z € C1 \ I'y, such that Re(z) # 0. Assume now for a while
that the fourth item in Proposition 1.1, which is proved independently just below, is satisfied, and let
A € R be such that iA € 0 (Py). By assumption, i is then an eigenvalue of P, and there exists some
u € D(Py) \ {0} such that Pyu = iAu. In particular,

0 =Re(Pyu, u) = [|dgul® = e~ " V(e )|,

which implies u € Span{e~#/"} and then A = 0. This shows that o (P,) NiR C {0} and thus, Py being
maximal accretive, that o (Py) N {Re(z) < 0} C {0}. It follows that Py — z is semi-Fredholm for every
z € C\T'y,, and has index 0 on {Rez < 0} \ {0}. But the open set C\ I'y, being connected, the index of
Py — z is constant, and then equal to 0, on C\ I'y, (see [Kato 1995, Theorem 5.17 in Chapter 4]). Hence,
Py — z being injective on C\ Iy, it is invertible from D(Py) onto L*(R%) on C\ I"a, and the resolvent
estimate stated in Proposition 1.1 becomes a direct consequence of (2-5).

Let us now prove the fourth item of Proposition 1.1. Thanks to (1-12), there exist ¢ > 0 and R > 0
such that

Vix|=R, VoI’ zc.
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Take c; € (0,c) and let W be a nonnegative smooth function such that supp(W) C B(0, R) and
W) + Vo (x)|* > %(c + ¢;) for all x € R% There exists consequently 2g > 0 such that for all
h € (0, hg], one has

W:=W+|Vo|> —hAp > ¢

on RY. Introduce the operator
Py=Py+W=—h*A+W+bydy

with domain D(Py). Since P, is maximal accretive and W € C2°(RY, R*), Py is also maximal accretive
(see, for example, [Helffer 2013, Theorem 13.25]). Moreover, for every u € Cfo([Rd ) and then for every
u € D(Py), one has

Re(Pyu, u) = (=h> A+ Wu, u) > e ||ul)?,

which implies as above that for every z in {Re(z) < ¢1}, Pg — z is invertible from D(Pg) onto L>(R?).
Hence, for every z in {Re(z) < c1}, we can write

Py—z=Py—z—W=(>0d=W(Py—2)")(Ps—2).

Of course, z — (f’¢ —2)7lis holomorphic on {Re z < ¢} and thanks to the analytic Fredholm theorem,
it then suffices to prove that

K(z):=W(Py—2)" ' L2 (RY) — L*(RY)

is compact for every z in {Re(z) < c¢}. This follows from the compactness of the embedding H Ili C L*(RY)
and from the fact that for every z € {Rez < ¢}, K (z) acts continuously from L*(RY) into H}, where

Hpy:={ue H' R, supp(u) C B(0, R)}.

Indeed, for any z in {Re(z) < c1}, the operator d¢(ﬁ¢ —2)7 1 L2(RY) — L?*(R?9) is continuous thanks
to (2-1) and hence, since W is smooth and supported in B(0, R), K(z): L*(RYy - H Ile is also continuous.

To conclude, it remains to prove the last statement of Proposition 1.1. To this end, note first that
Pye?/" = 0 according to (1-16) and let us recall that, according to (1-12), e=#/" € D(Ay) C D(Py).
Thus, Span{e~%/"} C Ker Py and 0 is an eigenvalue of Py. It has moreover finite algebraic multiplicity
according to the preceding analysis. Conversely, the relation

Yue D(Py), Re(Pyu,u)=|dyul*= B2 |le# V(efu)|?

leads to Ker Py C Span{e‘W "} and the same arguments also show that Ker Pq;“ = Span{e“M "y, This
implies that O is an eigenvalue of Py with algebraic multiplicity one. Indeed, if this were not the case,
there would exist u € D(Py) such that u ¢ Ker Py and Pyu = e~%/" and hence such that

0 < (Pyu, e ) = (u, Pfe 1) =0.

2B. Spectral analysis near the origin. Let us denote by (e,fv )i=1 the eigenfunctions of Ay associated
with the nondecreasing sequence of eigenvalues ()L,fv)kzl. Let € and /i > 0 be given by Proposition 1.2.
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We recall that for every h € (0, hol,
card(o (Ay) N{Re z < €oh}) = no,

where n( is the number of local minima of ¢. We define

no
R_:C" — L*(RY), ()~ Zake,iv

k=1
and Ry := R*, i.e.,
Ry:LPRD - €™ ue> (u, ¢ =i, oo
Note in particular the relations
RyR_=Idcnw and R_R; =TI, (2-6)
where I1 denotes the orthogonal projection onto Ran(R_) = Span(e,fv ,ke{l,..., ng}). We also define

the spectral projector

Im:=1-1I.

For z € C, let us then consider on the Hilbert space E := Ran(T]) the following unbounded operator
which will be useful in the rest of this section:

Py :=TI(Ps —2)I1  with domain D(Py ) :=T1(D(Py)). (2-7)

Hence D(ﬁ(pyz) is dense in E and, since RanIT C D(Ay) C D(Py), it holds that fI(D(P¢,)) C D(Py)
and ﬁd), . is well and densely defined.

Lemma 2.1. Let €y and hg > 0 be given by Proposition 1.2. Then, for every h € (0, hgl, the operator
ﬁab,z : D(IA’(,),Z) — E defined in (2-7) is invertible on {Re z < €gh}. Moreover, for any €| € (0, €9),

Vie{Rez<eh), [P =00,
uniformly with respect to z.
Proof. We begin with the following observation: the unbounded operator
T1(P; —2)IT  with domain [1(D(P})) C D(P})
is well and densely defined on E, and satisfies
Py — )= P; .
Indeed, the re}ation <ﬁ({3¢ — é)f[v, w) = (v, f[(P(Z‘ - z)ﬁw), valid for every v € D(Py) and w € D(P(;‘),
implies that H(P(;‘ —II C P;,Z. Moreover, for every v € D(Py) and w € D(Pl;" .), one has
((Py — 2)v, w) = ((Py — 2)TTv, w) + ((Py — 2)[Tv, w)
= ((Pp — 2)ITv, w) + (v, ﬁ;yzw).
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Since P4I1 is continuous, IT being continuous with finite rank, one has [(PsITv, w)| < C|lv|||jw]| for
some C > 0 independent of (v, w), which jmplies thalt we D(Pq;"). Hence D(ﬁ;’ ) C D(de‘) and since
Ran(IT) C D(Ay) C D(P;;), this implies H(P; Il = P;’Z. ) A A

Let us now consider z in {Rez < €ph} and let us prove that P ; is invertible from D(Py ;) onto E.
First, according to Proposition 1.2, we have for every u € D(Ay),

Re((Py — z)TTu, Tu) = ((Agy — Re(z))[u, Tu) > (eph — Re 2) || TTu?, (2-8)

and the inequality (2-8) is also true when u € D(Py). Indeed, for any u € D(Py), there exists a sequence
(tn)nen in D(Ay) such that u, — u and Pyu, — Pyu in L*>(RY). Hence [Tu, — [lu and, since P,IT is
continuous, it also holds that Py Mu, — Py Mu. In particular, it follows that IA’¢, . 1s injective. Note that a
similar analysis shows that 13(; e is also injective. R

Second, let us show that Py ; is closed, which will in particular imply that Ran(Py ;) is closed
according to (2-8). For brevity, we denote pP= 13¢7 c and P = P,. Suppose that (u,),cn is a sequence in
D(ﬁ) C D(P) such that u,, — u and f’un — vin E. Since RanTI C D(Ay) C D(P¥),

1o no no

Wy W * Wy W * Wy W

[MPu, = E (Puy, e Yep = E (un, P7e; )ey g E (u, P7e; ey ,
k=1 k=1 k=1

so(P—2)u, = ﬁun+l'[(P—z)un converges. Since P is closed, this implies u € D(P)NRan = f[(D(P))
and that
(P—z2u=v+g with geRanlIl.

Multiplying this relation by 11, we getv = Pu, which proves that P is closed.

To prove that P is invertible from D(P) onto E, it is thus enough to prove that Ran(P) is dense in
E. Let then v € E be such that (f’u, v)=0forallu e D(ﬁ). Then v € D(ﬁ*) and P*v =0. Thus, by
injectivity of P* v =0, which proves the invertibility of P: D(I3¢, ) — E.

The relation (2-8) then implies that for all z € {Re z < €A}, one has

Re((Py — 2)T1u, TTu) > 8h||TTu||>
with § = €9 — €1 > 0. Hence, for the operator norm on EC L*(R%),
Byl=0(™h,
uniformly with respect to z € {Rez < €1h}. ]

For z € C, we now consider the Grushin operator Py (z) : D(Py) x C" — L?(R?) x C" defined by

Py(z) = (Pq;e: ¢ 1;) : (2-9)

Lemma 2.2. Let €y and ho > 0 be given by Proposition 1.2. Then, the operator Py(2) is invertible on
{Re z <€ph}. More precisely, for every z€ {Rez <e€gh}, (u,u_) € D(Py)xC" and (f, y) € L3Ry x C",

P¢(Z)(H, l/t,) = (fs y)
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if and only if
(u,u_)=(R_y+v, Ry f— Ry (Py—2)R_y — Ry Pyv),

where
vi= P f — Py IPyR_y € TI(D(Py)).

Proof. Let (f, y) € L2(R%) x C" and assume that (u, u_) € D(Py) x C" satisfies

(Pp—2)u+R_u_=f,

Rou=y. (2-10)
Applying R to the first equation and R_ to the second one, we get, according to (2-6):
u_=R,f—Ri(Pp—2)u and u=R_y+v,
with v € Ran 1N D(Py) = ﬁ(D(P¢)) a solution to
(Pp—2)R_y+(Py—2)v+R_u_=f.
Then, applying I1 to the latter equation, we get, using [IR_ =0,
(P — )Mo =T1f —T1(Ps —2)R_y —TIR_u_ =TI f —TIPsR_y. (2-11)

Conversely, note that if v € Ran nn D(Py) is a solution to (2-11), then according to (2-6),
(u=R_y+v,u_=R,f—Ri(Py—2)(R_y—+v)) € D(Py) x C"

is a solution to (2-10).
Hence, the statement of Lemma 2.2 simply follows from Lemma 2.1 which implies that, for every
z € {Rez < €yh},
v=P,1f— P, TIP,R_y € TI(D(Py))

is the unique solution to (2-11). O

Proof of Theorem 1.3. Let €y and hg be as in Lemmata 2.1 and 2.2, and take €; € (0, ¢y). For z €
{Rez < €oh}, let E4(2) =Py (z)~!. According to Lemma 2.2, it thus holds that

_( E@ Ei(2)
bo(0) = (E_<z> E_+<z>)’

where E, E_, E,, E_ are holomorphic in {Re z < €ph} and satisfy the formulas

Ei(z)=R_—P,TIPyR_, E_(z)=Ry—RyPyP,Il, (2-12)
E_(2)=—Ry(Py—2)R_+ Ry PyP, ' TIP4R_ (2-13)

and
E(z) = P; L. (2-14)
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Moreover, Py — z is invertible if and only if E__ (z) is, in which case,
(Pp—2)'=EQR) —E+(QE_1(2)"'E_(2). (2-15)

We refer to [Sjostrand and Zworski 2007] for more details.
We now want to use these formulas to compute the number of poles of (Py — z)~!. Thanks to (2-2),
one has, for some C >0and all k € {1, ..., ng},

161 dpel’ I = CUAel I+ ldge 1) = C (3 + VA ).
Using the bound )\ZV < Che=25/" given by Proposition 1.2, this yields the existence of some C > 0 such
that for every k € {1, ..., np},
by - dgel¥ | < Cv/he " and  ||Pye)’ || < C/he . (2-16)
This shows that R4 AgR_ = O(he™>/") and Ry b-dyR_ = O(vhe S/"). Hence, for all z € C,
Ry(Py—2)R_ = Ry PyR_ — z1dgn = —z Iden +O(Vhe ). 2-17)
On the other hand, we deduce from (2-16) and from the related relation
(Pou, el = (u, Agelly — (u, by - dye)’y = O(he ™ +he ) |ull,
valid for any u € D(Py) and k € {1, ..., no}, that
PsR_=O(hze i) and RyPy=O(hieh). (2-18)

Moreover, we know from Lemma 2.1 that 13¢_ ; = OmhhH uniformly on {Rez < €h}. Therefore,
injecting this estimate and (2-17) and (2-18) into (2-13) and (2-12), respectively, we obtain uniformly on
{Rez < €1h},
E_,(z) = z1dgro +O(h2e 1) (2-19)
and
E.(z)=R_+O(h 2e" i) and E_(z)=R,+O(M e h). (2-20)

According to (2-19), E_, (z) is then invertible when z € {Re z < € h} satisfies |z| > Chie=S/" for C large
enough and the spectrum of Py in {Rez < €A} is then of order (’)(h%e*S/h). Moreover, for |z| = %elh,

E_+(2) = 2(ldgro +O(h™2e7 1)) (2-21)
and injecting (2-21) and (2-20) into (2-15) shows that

(Py—2)' = E(z) - %(n L OUte D).

Thus, the spectral projector on the open disk D(O, %elh) satisfies
1 L o_s
My i=—=— (Py—2) 'dz=TI+O(h 2e ),
D(0,%h) i 9D, 5h) [

where we recall that IT is a projector of rank ng. This implies that for every & > 0 small enough, the
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rank of ITp,e /21), Which is the number of eigenvalues of Py in D(O, %elh) counted with algebraic
multiplicity, is precisely ng.

In order to achieve the proof of Theorem 1.3, it just remains to prove the resolvent estimate stated
there. On the one hand, it follows easily from (2-14), (2-20), and Lemma 2.1 that

E@)=0Mh1Y,E_(z)=0(1), and E, (z)=0(),

uniformly with respect to z € {Re z < €1h}. On the other hand, taking € € (0, €1), it follows from (2-19)
that E:Jlr(z) = O(h™"), uniformly with respect to z € {Rez < €1k} N {|z| > €h}. Plugging all these
estimates into (2-15), we obtain the announced result.

Finally, since U(P;) = qu;) and, for all z ¢ o (Py), ||(P(;)k -2 1= |(Py — 271, it follows easily
that the conclusions of Theorem 1.3 also hold true for qu. [l

3. Geometric preparation

Let us begin this section by observing that the identity b - VV = 0 arising from (1-3) implies that
U C {x e R, b(x) = 0}, where we recall that I/ denotes the set of critical points of the Morse function V,
as can be easily proved using a Taylor expansion. Moreover, we have the following:

Lemma 3.1. Suppose that Assumptions 1 and 3 hold true and let u € U be a critical point of V. Then,
there exists a smooth map J, : R — My (R) such that J, () is antisymmetric and b(x) = J,(x)VV (x)
for all x in some neighborhood of u. Moreover,

Ju(w) = B(u)Hess V(u) ™",
where B(u) = Jacyb is the Jacobian matrix of b at u.

Proof. Let u € U that we assume to be O to lighten the notation. Thanks to the Taylor formula, there
exists a smooth map G : RY — M, (R) such that b(x) = G(x)x for all x € R? and G(0) = Jacob. The
same construction works for VV and denoting by S; the set of symmetric matrices, there exists a smooth
map A : R? — S; such that VV (x) = A(x)x for all x € R? and A(0) = Hess V(0). The equation
(b(x), VV (x)) =0 for all x € R? then yields (G(x)x, A(x)x) = 0 and hence, since A(x) is symmetric,
(A(x)G(x)x, x) =0 for all x € R%. Expanding A(x)G(x) in powers of x, this implies that

VxeRY, (A0)G(0)x,x)=0.

Hence, the matrix A(0)G(0) is antisymmetric. Since A(0) is symmetric and invertible (since V is a
Morse function), this implies that G(0)AWO) ! is antisymmetric. Moreover, A(x) is then also invertible
in a neighborhood V of 0 and we can thus define Jy(x) = G(x)A(x)~! on V. One then has

Jo(xX)VV(x) = G(x)A(x)"A(x)x = b(x)
for all x € V and Jy(0) = G(0)A(0)~! is antisymmetric thanks to the above analysis. ]

Remark 3.2. It is not clear from the above proof that the relation - VV = 0 implies the existence of a
smooth map J : RY — M, (R) with antisymmetric matrix values such that b = JVV. However, it follows
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from (1-3) that for such a map J, the vector fields of the form b, = JVV + hv enter our framework as
soon as

d
divv=0 and (Zaijij) VV =v.VV. (3-1)
i=1 j=l....d

This is for instance the case when

d
V= (Z 0; Jij) ,
i=1

j=1,..d

which is in particular satisfied when J appears to be constant. Moreover, when v = (Z?:l 0; J; j)j:l e

Ly p,, (or equivalently Py) admits a supersymmetric structure according (see (1-8)) to
Ly, = —het divo(e 7 (I; — J)V) = hV*(I; — J)V,
where the adjoint is considered with respect to my,, or equivalently
Py=Ap+bp-dy = d:;(ld —J)dy,

where the adjoint is now considered with respect to the Lebesgue measure. Using this structure, we
may follow the general approach of [Hérau et al. 2011] to analyze the spectrum of Pjs. Nevertheless,
the operator Py still does not have any PT-symmetry and following this approach would again require
us to use Theorem A .4 instead of Fan inequalities in the final part of the analysis. We believe that this
approach may yield complete asymptotic expansions of the small eigenvalues of Py (or Ly ;) in this
setting.

However, when J has antisymmetric matrix values and (3-1) holds but v # (Zf: 10iJ; j)j:l T the

operator Py is not supersymmetric anymore (see [Michel 2016] for related results).
We are now in position to prove Lemma 1.8. Throughout the rest of this section, we denote by
—m1<0<pr<---<pa
the eigenvalues of Hess V (s) counted with multiplicity. For brevity, we will denote
B =B(s)=Jacgb and J = J(s) = B(s)(Hess V(s))*l.

We recall from Lemma 3.1 that J is antisymmetric.

Step 1: Let us first prove that det(Hess V (s) + B*) < 0. Since the matrix Hess V (s) + B* is real, it thus
admits at least one negative eigenvalue.

Since Hess V (s) is real and symmetric, there exists P € M (R) such that
P*=P ' and HessV(s)=PDP ',
where D := Diag(—u1, 12, ..., q). Then:

Hess V(s) + B* =Hess V(s)(I; — J) = PD(I; — P~'JpP)P~". (3-2)
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Since (P~'J P)* = — P~ J P, there exist moreover pE {0, e, L%J}, N, ...,np>0,and O € My(R)
satisfying Q* = Q! such that

Ay 0)
o~'p7lipPo= ,
0) Ap
0)
where, for every k € {1, ..., p},
0 —le]
A, =
¢ |:77k 0
Here, the rank of the matrix J is 2p and its nonzero eigenvalues are the +in, k € {1, ..., p}. Therefore,
B 0)
o'\ -PluPQ=| , (3-3)
0) B,
Iy—2p
where, for every k € {1, ..., p},

Bk=[1 Ulk]
—Nk

det(Hess V (s) + B*) = —(TT¢_ ) (TIE_, (1 + 1)) <0,

We then deduce from (3-2) and (3-3) that

which concludes this first step.

Step 2: Let us denote by u a negative eigenvalue of Hess V (s) + B* and let us show that p is its only
negative eigenvalue and has geometric multiplicity one.

Assume first by contradiction that u has geometric multiplicity two and denote by &}, & two associated
unitary eigenvectors such that (£1, &) = 0. Let us also define &/ := P& fori € {1, 2} so that & and &)
are orthogonal and unitary. According to (3-2), for i € {1, 2},

1
D(I;— P7'JP)g =& andhence, D'¢/ = —(I,— P7'IP)g].
w
In particular, since (P~!J P)* = —P~1J P, for every (a, b) € R? satisfying a®> +b*> =1,
—1 / / 1 / 1
(D™ (a&| +D5§)), a§| +b&y) = ﬁ

Applying the max-min principle to the symmetric matrix D™, this shows that the second eigenvalue
wr(D~ 1) of the matrix D! satisfies ur(D~!) < 1/u < 0, contradicting

1 . 1 1 1
D™ =Diag| —, —, ..., — ).
JTARTY) d
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Hence the negative eigenvalue p has geometric multiplicity one and we have to show that it is the only
negative eigenvalue of Hess V (s) + B*. We reason again by contradiction, assuming that Hess V (s) + B*
admits another negative eigenvalue that we denote by 1. Note in particular that it follows from the relation
(see (3-2))

Hess V (s)(I; + J) = Hess V (s)(Hess V (s) + B*)*(Hess V (s)) ™!
that # is also an eigenvalue of Hess V(s) — B*(s) = Hess V(s)({; + J). Denote now by &; a unitary

eigenvector of Hess V (s) + B* associated with pu and by &, a unitary eigenvector of Hess V (s) — B*
associated with 7. Defining again £/ := P~ fori e {1, 2}, we thus have

D‘lé’—l(l — P 'ypP)g and D! /—11 P~ lIP)E]
I_M d 1] an Ez—n(d'i‘ )&,

It follows that
—1sr s —1sr & 1 —1sr &7 1
(D7°§1,6)=0, (D §,§)=— and (D §),§)=—.
128 n
The vectors &{ and &, are in particular linearly independent and it holds for some positive constant ¢ and

every (a, b) € R*\ {(0, 0)},

(D_l( / 1 / / _612 : / /112
a&) +b§,), a&) +b§)) = m + o < —clla&§; +b&;|".

Applying again the max-min principle to the symmetric matrix D! leads to u>(D~') < —c < 0 and
hence to a contradiction. This concludes the proof of the second step.

Step 3: Let us now prove the relation
det(Hess V (s) +2||EE™) = — detHess V (s), (3-4)

which is equivalent to
det(ly +2|pn|D'E'E™) = —1, (3-5)

where £ denotes a unitary eigenvector of Hess V (s) 4+ B* associated with p and £’ := P~'£. To this end,
note first that obviously
Vxe ), (a+20ulD7EEMx =x. (3-6)

Moreover, since D& = 1/u(l; — P~'JP)&,
(I +2\u|D7'E'E™)E =& +2|u| D¢’
=—&4+2P lJPE. (3-7)

Since P~!J P&’ belongs to (£')%, we deduce (3-5) and then (3-4) from (3-6) and (3-7).

Step 4: To conclude the proof of the second item of Lemma 1.8, it only remains to show that the real
symmetric matrix My :=Hess V (s)+2||£&* is positive definite, where we recall that £ denotes a unitary
eigenvector of Hess V (s) + B* associated with w. This is an easy consequence of the max-min principle
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and of the relation det My = — det D > 0 obtained in the previous step. Defining again &' := P~'&, we
have
Ve ((1,0.....0%%  ((D+2[plg'e™)x, x) = (Dx, x) +2|p|(E. x)°
> pallx|)?,

which implies that the second eigenvalue of D + 2|u|&'€"*, that is, the second eigenvalue of My, is
greater than or equal to 7, and hence positive. The first eigenvalue of My is then positive according to
det My > 0. This concludes this step of the proof.

Step 5: We now prove the third item of Lemma 1.8. Since Hess V(s)({; — J)é = pu& and J* = —J, it
first holds that

(Hess V(s)) " '& = %(Id —J)é andthen ((HessV(s)) '€ &)= % (3-8)

which proves the second part of the third item of Lemma 1.8. Defining again £’ := P~!&, this also means
(R T 1 4 1
) (=5 ) = (D7) =
L O o S 0 M1 i Mk
This implies that 1/ > —1/Aq, i.e., that || > w1, with equality if and only if &’ = £(1, 0, ..., 0)* that
is, if and only if £ is a unitary eigenvector of (Hess V (s)) ! associated with —1/u1, which is equivalent
to the relation J& = 0 by (3-8), and hence to B*£€ = 0 since J = —(Hess V (s)) ! B*.

4. Spectral analysis in the case of Morse functions

4A. Construction of accurate quasimodes. In the following, we assume that Assumption 4 is satisfied.
Let us then consider some arbitrary m € U© \ {m}; that is, according to Assumption 4, a local minimum
of V which is not the global minimum m of V. According to the labeling procedure of Section 1C
leading to the definitions (1-17)—(1-19), it holds in particular that m = m; ; and o (m) = o; for some
ie€e{2,...,N}and j €{l,..., N;}. For every s € j(m) and p, § > 0, where we recall that the mapping
j U = PO U({s})) has been defined in (1-18) and that V (s) = o (m), we define the set

Bsps:={V <a(m)+38}N{x e R, [£(s)- (x —8)| < p)
and the set Cs ,, 5 by
Cs,p,5 1s the connected component of Bs , s containing s, 4-1)

where £(s) has been defined in Lemma 1.8. We recall that £(s) is an unitary eigenvector of the matrix
Hess V (s) + B*(s) associated with its only negative eigenvalue p(s) which has geometric multiplicity
one. Let us also define

Emps:=(E_(m)N{V <om)+)\ | Cops. (4-2)
s€j(m)
where
E_(m) is the connected component of {V < ¢;_1} containing m. (4-3)
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According to Assumption 4 and Remark 1.7, we recall that there is precisely one connected component
E(m) # E(m) of {V < o(m)} such that E@m) N E(m) # & (see examples in Figure 3). Moreover,
j(m)= af(m)ﬂaE(m) and the global minimum m of V|, satisfies o () > o (m) and V (m) <V (m)
(see [Michel 2019], where the notation E(m) is introduced for an arbitrary Morse function).

According to the geometry of the Morse function V around d E(m) and to Lemma 1.8, we have:

Lemma 4.1. Assume that Assumption 4 is satisfied and let m € UQ \ {m}, s € j(m), and &(s) be some
unitary eigenvector of the matrix Hess V (s) + B*(s) associated with its unique negative eigenvalue (see
Lemma 1.8). Then, there exists a neigborhood O of s such that

VxeO\{s}, (x—se&@E)T= V) > V().

It follows that there exist pg, 8o > O sufficiently small such that for all p € (0, pg]l and § € (0, 8g], the

set Ey, 3 35 defined in (4-2) has exactly two connected components, ET and E,; .38 containing

m,3p0,38
respectively m and m.

Proof. For brevity, we denote & = £(s). By a continuity argument, note that to prove the first
part of Lemma 4.1, it is sufficient to prove that the linear hyperplane £+ does not meet the cone
{X € R*; (Hess V(s)X, X) < 0} outside the origin. The second part of the lemma then simply follows
from the observation that the set Cs , s defined in (4-1) is thus an arbitrarily small neighborhood of s
when p, § > 0 tend to 0.

For d > 3, it is then enough to show that for any column vector X € R?\ {0} such that (Hess V(s) X, X) =0,
it holds that SpanX @ £+ = R, ie., (X, &) # 0. Indeed, when d > 3, any linear hyperplane meets
{X eR": (Hess V(s)X, X) > 0} and then meets {X € R?\ {0} : (Hess V (s)X, X) =0} if and only if it meets
(X e R4 \ {0} : (Hess V(s)X, X) <O0}. Let us then consider X € R4 \ {0} such that (Hess V(s)X, X) =0
and let us prove that (X, &) #0. To show this, we work in orthonormal coordinates of R¢ where Hess V (s)
is diagonal, i.e., where Hess V (s) = Diag(—pu1, o, . .., itq)- It then follows from (Hess V (s)X, X) =0
and from the third item of Lemma 1.8 that

d 1 d 4
X7 =Y X, and —& > —&>0.
=2 1 i Mk
In particular, X; # 0 and thus, by multiplying the two above relations,

d

&1X1| > (Z —sk) (Z ukxk)

k=2

the last inequality resulting from the Cauchy—Schwarz inequality. The relation (X, &) # O follows.

When d = 2, the situation is slightly different because for any hyperplane H, either H \ {0} C
{X € R*\ {0} : (Hess V(s)X, X) <0} or H\ {0} C {X € R\ {0} : (Hess V(s)X, X) > 0}. Take again
orthonormal coordinates where Hess V (s) = Diag(—pu;, i2). We have then only to prove that the vector
&' := (=&, £/)*, which spans &7, satisfies

— &5 + po&f = (Hess V($)E', &) > 0
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— V=V
SHE()T s s

Figure 4. Representation of the Morse function V near s € j(m). Here, &, (s) denotes
an eigenvector of Hess V (s) associated with its negative eigenvalue and B*(s)&(s) # O.
Note that according to the last item in Lemma 1.8, s + & (s)* and s + £(s)* coincide if
and only if B*(s)&(s) = 0.

This is obviously satisfied since it is equivalent to

L 2 1 2 _ -1
0> —& — —§=((HessV(s)) '§,§),
%) 15%)

which holds true thanks to (iii) of Lemma 1.8. This concludes the proof of Lemma 4.1. [l

Let us now define, for every & € (0, 1] and for every po, §o > 0 small enough, the function «, ; on the
sublevel set E_(m) N {V < o(m) + 338y} (see (4-3)) as follows:

(1) On the disjoint open sets EZ,3po,380 and Er;,3po,380 introduced in Lemma 4.1,

1 forx e E ,
o (x) = {+ e (4-4)
—1 for x € Em’3p0’350.
(2) Forevery s € j(m) and x € C; 3,35, N{V < 0 (m)+ 38} (see (4-1)),
—1 §(5)-(x=s) —1 _Iu(s)\nz
km,n(x) 1= Cg / x(pg me 2 dn, (4-5)
0

where the orientation of £(s) is chosen in such a way that there exists a neighborhood O of s such
that E(m) N QO is included in the half-space {£(s) - (x —s) > 0} (see Lemma 4.1 and Figures 4 and 5),
x € C*°(R; [0, 1]) is even and satisfies x =1 on [—1, 1], x(n) =0 for || > 2, and

+00 2

1 _ _ u)n

Cs.i :=5/ x(py 'me™ 3 dn.
—00

Note in particular that

2|p(s)]

(140 ). (4-6)
wh

there exists y > 0 s.t. Cs_}t =
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Figure 5. The support of the function k.

Note also that for every pg, 8o > 0 small enough, thanks to the definitions (4-4) and (4-5), and since the

+ — . e . .
sets Em’3p0’350, Em,3p0,380’ and Cs 30,35, § € j(m), are two by two disjoint (see Lemma 4.1), ky,  is well

defined and is C*° on E_(m) N{V < o (m) + 35p}.
Consider now a smooth function 8,, such that
1 forx € {V <o (m)+38}NE_(m),

4-7
0 forx e RY\ ({V <o (m)+28)NE_(m)). “7)

Om(x) :=

The function 6,k » then belongs to Céx’([Rd; [—1,1]) and

supp Omkm n C E_(m) N{V < o (m) 4 280}.

Definition 4.2. For any m € U9 let us define the function ¥, ;, by

Y, n (X)) 1= Oy (X) (K, n (x) + 1)
when m # m and, when m =m, ¥, ,(x) := 1. We then define, for any m € U O the quasimode @y, , by

. wm,h(x)
Om,p(X) = ————.
1 m.nll L20my)

Note that, for every & € (0, 1], it holds that Ly p, ,@m » = 0 and for every m € UV \ {m}, the quasimodes
Ym.n and @p , belong to C2° (R?:; RT) with supports included in E_(m) N{V < o (m) + 250}. We have
more precisely the following lemma resulting from the previous construction.

Lemma 4.3. Assume that Assumption 4 is satisfied. For every m € U© and every small € > 0 fixed, there
exist po, 60 > 0 small enough such that for every h € (0, 1]:

(1) supp ¥m,n C E(m)+ B(0, €).
(i) When m # m, there exists a neighborhood O, s, of E(m) such that

Oposo \ | Cs.300.350 C {Omkmn = 1}.

s€j(m)
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In particular,

argmin V =argming .,V =argming, V = {m}.

SUPP Y,

(iii)) When m # m,

Vx € supp Vb, (V(x) <o(m)+38 =>x¢ U Cs,3p0,380)-

s€j(m)

Let moreover m' belong to U with m # m’. The following then hold true for every py, 8o > 0 small
enough and every h € (0, 1]:

(iv) If o (m) = o (m’), then supp(Vm.n) N SUpP(Ym' 1) = 2.
(v) If o (m) > o (m’), then

o either supp(Ym.n) Nsupp(Vm'.n) = 9,
o o Ym.p =2 on supp(Yy ) and V(m') > V (m).

Proof. The first part of Lemma 4.3 follows from Assumption 4 and from the construction of the quasimodes
©m.n, defined in Definition 4.2 form e U ©); see (4-4), (4-5), and (4-7). We now then prove the second
part of Lemma 4.3.

When o (m) = o (m’) and m # m’, note first that m and m’ differ from m since o (m) = +o0 if and only
if m = m. When moreover m’ ¢ E_(m), we have E_(m) # E_(m’) and hence E_(m)NE_(m') = &,
implying supp(¥m.n) N supp(Ym ;) = &. In the case when m’ € E_(m), the statement of Lemma 4.3
follows from (ii) of Assumption 4 and Remark 1.7, which imply that E(m)NE(m') = & (see the first
item of Lemma 4.3).

When o (m) > o (m’) and m’ ¢ E(m), we have WHW = ¢, and again, according to the first
item of Lemma 4.3, supp(¥m 1) N supp(Ym.n) = & for every po, §o > 0 small enough. Lastly, when
o(m) > o(m') and m' € E(m), we have E(m’) C E_(m’) C E(m) and then, according to the second

item of Lemma 4.3, ¥, 4, = 2 on supp(¥m.5) for every pg, 8o > 0 small enough. Besides, the relation
V(m') > V (m) follows from m’ € E(m) and from the first item of Assumption 4. O

4B. Quasimodal estimates. We write in the sequel @ ~ b and a < b to mean, in the limit 2~ — 0,
equality/inequality up to a multiplicative factor 1+ O(h). Moreover, for brevity, we define, for any critical

Dy :=+/|detHess V (u)| > 0.

Proposition 4.4. Assume that Assumption 4 is satisfied and consider the families (Y p, m € UD) and
(@m.n, m € UQ) of Definition 4.2. Then, for every m € UO \ {m} and py, 8o > 0 small enough, in the
limit h — 0,

point u of V,

V(m)—V(m)
- h

D
1Vm a2, = 45 (4-8)
m

Moreover, there exists C > 0 such that for every m, m’ € U O in the limit h — 0,

(P> P 1) = S + Oe™h). (4-9)
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Proof. To prove the relation (4-8), write, according to Definition 4.2,

2 —1 2, —Y0
||‘//m,h||L2(mh) = Zh (Qm(Km,h + 1)) e dx’

where Zj, is the normalizing constant defined by (1-10). Hence, according to Lemma 4.3 and standard
tail estimates and Laplace asymptotics, we get, in the limit 7 — 0,

L)

Zy = (271h) D

as well as
2 Y _ d 1 _VYm
OmKmp+1)7e 7 dx <4Q2mh)2D,, e 7 .

The estimate (4-8) then follows easily.

Let us now prove the relation (4-9). According to Definition 4.2, note first that (@m. », @m.n) = 1
for every m e U O Moreover, when m, m’ € U? and m # m/, it follows from Lemma 4.3 that, up to
switching m and m’, we are in one of the two following cases:

« either supp(@m 1) N supp(@m n) = &, and then
<()0m,hs §0m’,h> = 03

o O Yy =2 on supp(Yyy ) and V(m') > V (m), and then, using the preceding estimates,

V(x)

2 Ym' b e
(‘pm hy Pm’ h) dx
”vfm h”Lz(mh Supp Yo/ i “Wm’ h||L2(m;,) Z
1 V<m) Vm) _c
O(e” )=0(e 0 ),

 1Wmk L2 ) 1 | 22
where C = w > 0.
This leads to (4-9). O

Proposition 4.5. For every m € U”) and py, 8o > 0 small enough, in the limit h — 0,

2|u(s)| Dm _ve-vam
—e 13

LYV Vi) 1200y = D D (4-10)
s€j(m)
and then
|($)| D _v-vom
(LV.boPmis Pmh) 2 = D e (4-11)

2 Dy

sej(m)

Proof. Note first that thanks to (1-3), one has div(b,my) = 0 and hence,

Vue CSO(IRd§ R), (bn-Vu, ”>L2(mh) = —% / u? div(bymp)dx =0
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Using this relation together with (1-4), (4-4)—(4-7), Definition 4.2, and Lemma 4.3, we get, in the limit
h— 0,

(Lv.pw¥mn> Ym,h) L2(my)

_ _v
(B A+ VYV -V V) 20mmy = Z5 f IV O (e + 1) e ¥ dx

_1 2 a(m)+80
=Z, h |6, |Vlcmh|e hdx-i—Z (’)(e
(x—8))2
—z;'0e T+, Y ,fh/ 020520y " E - (x —s)e” e dx,  (4-12)
SE] (m) Cs,3p0,380

where for short we denote & = £(s) and u = u(s). From the second item in Lemma 1.8 and the Taylor
expansion of V + |u|(£, - —s)? around s € j(m),

V() +plE - (x—5)> = V(s)+ 3 (Hess V()(x — ), x —s) + || (EE*(x — 5), x —5) + O(Ix —5]),

so it is clear that for po and 8 small enough, V + |u|(&, - — s)? uniquely attains its minimal value in
Cs.3p0,38, at § since

V(V+plE -—s))(s)=0 and Hess(V + |ul(E, - —s)D)(s) =

Moreover, using again the second item in Lemma 1.8 and a standard Laplace method, in the limit
h — 0, for every s € j(m),

d

o =2 27h 0 20Qrh)s s
Cﬁf 02 %% (o5 (€. —sDe T e dx m e e R B
' Cs 300,380 CS hD nhDs

where we used (4-6) for the last part. The statement of Proposition 4.5 then follows from (4-12) and (4-13),
using also Zj, ~ 2w h)*/2Dy,'e”Vm/h, -

Proposition 4.6. Let m € U, For py and 8y sufficiently small, in the limit h — 0,

1LV 22,y = (Vb Wmis Vi) £20myy Q1) (4-14)

and
LY o Ym0y = Vb Ymis Yim i) 12,y OCL).- (4-15)

Proof. Let s € j(m) and denote for short £ = £(s) and u = u(s). We first recall the Taylor expansion of
V + |u|(&, - —s)? around s,

V) + il - (=) = V() + 3 (My (x —5), x —5) + O(lx = s,
which implies, according to the second item of Lemma 1.8, that for pg and §y small enough,

o V(V+Ipl(E, - —5)*)(s) =0,

o V 4+ |ul|(&, - —s)? uniquely attains its minimal value in C; 30,38, at §.



36 DORIAN LE PEUTREC AND LAURENT MICHEL

Note now that according to (1-4),
LV,b,vwm,h = emLV,th,h + 0+ Km,h)LV,hem - 2hVKm,h - VO,
and on Cs 3,,,3s,, for every s € j(m), according to (4-5),

Ly pvkmn=—hAkmpn+VV - Vi p+by-Vim

|H|

=Cipx(py (&, - —s)e” TV E by E 4 l(E, - —s))

1 4. i >2
—hCyp div(x(py ' (5, -—s)E)e”
where we recall that b, = b + hv. It then follows from (4-4)—(4-7) that in the limit # — O,
O( a(m)+50
e
VLW 2y = D ey LV ¥m 2, +——
sejm) h
h _ VHuIE=s)?
= . / X205 ' - (x —s5))e i
SE](m) Cs.300,39
o (m)+c

9 O(e™

X(VV-&E+b-&E+ |- (x—s)+hv-&) dx+ ~
h

for some real constant ¢ € (0, §y). Moreover, using b(s) = 0 and the first item of Lemma 1.8, the Taylor

expansion of VV 4 b around s satisfies
(VV 4b)-&+|ul§ - (x —s5) = ((Hess V(s) + B)(x —5), &) + |ul€ - (x — ) + O((x —5)*)
= p& - (x = 8) +ulg - (x =) + O((x = 9)°) = O((x —5)%).

Then from Proposition 4.5, standard tail estimates, and Laplace asymptotics, in the limit 2 — 0,

o(m)+c
h _ VplE-(-5)? O(e™

L. b.W¥m 172,y = . / O((x —s)* +h?)e P dx+

Cs,

(my,
SG](m) 3p0,38¢

={(Lv.pv¥m.h» wm,h>L2(mh)O(h),

Z h

which proves (4-14).
To prove (4-15), we observe that since Lv by = = Ly, _p —y, the same computation as above shows that
in the limit &4 — 0,

VH”'(EAW”)Z

T o ”/ X056 (x— e
sej(m) “ oo o(m)+c
2 O(e™
X(VV-E—b-E+|ulE-(x—s)—hv-&) dx+

h

However, contrary to the preceding case, one has here only

VV-&E—b-§+[ulf-(x—5)=0x—5s),
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which implies, in the limit # — 0,

C;? Vol - (—s)? O(e~ o
h _ VHiplE-(x—s
Ly nbmilomy = 3 22 [ 0= 92w ite 4 S
sejmy <M JCozn 3 h
= (Lv.pov¥mh> Ym.h) 12(my) O(1),
which is exactly (4-15). O

4C. Proof of Theorem 1.9. Throughout this section, for ease of notation, we denote

<"‘>:('7'>L2(mh)’ ””:””Lz(mh)a LV,b,U:LVa

and we label the local minimam, ..., m,, of V inso that (S(m;))c(1,... n,) 1s nonincreasing (see (1-19)):

S(my) = +o0 and, for all j € {2, ..., ng}, S(mjy1) < S(mj) < +oo.
For all j € {1, ..., ngo}, we will also denote, for ease of notation,

Sj=8@m;), ¢;:=¢mn and Ai;h):=(Lve; ¢;).

From Proposition 4.5, one knows that for all j € {2, ..., ng}, one has
= | (s)| Dm; _5;
A:(h) = — n(1 O h)). 4'16
j(h) Z ¢ (AF+OMm) (4-16)
s€j(m;)

Moreover, since (S;) je(1.....no) 1S nonincreasing, we deduce from this estimate that there exist 4o > 0 and
C > 0 such that for all 4 € (0, hp] and all i, j € {1, ..., ng}, one has

i <j=xh)<Ci;h). (4-17)
The two following lemmata are straightforward consequences of the previous analysis.

Lemma 4.7. Forevery j, k €{1,...,no} and h € (0, 1], one has
(Lvg;, gx) = 8jihj(h).

Proof. When j = k, the statement is obvious. When j # k, it follows from Lemma 4.3 that we are in one
of the three following cases:

* supp(¢;) Nsupp(¢x) = < and the conclusion is obvious,

* There exists ¢, > 0 such that ¢; = ¢, on supp(¢y) and
(Lvoj, or) = (Lv(cn), gx) =0,
e There exists ¢, > 0 such that ¢, = ¢, on supp(¢;) and

(Lveoj, ox) = (9;, Lyor) = (¢;, Ly (cn)) =0. U
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Lemma 4.8. For pg, 8y sufficiently small and every j € {1, ..., ng}, in the limit h — 0,
ILvejl = O(Vhijh)). (4-18)

and

ILy @il = O(VA,(h)). (4-19)

Proof. This is a simple rewriting of Proposition 4.6, using the fact that for every m € ¥ and & € (0, 1],
Pm,h = 1,ﬁmh/”wmh” O

We now introduce, for every & > 0 small enough, the spectral projector I associated with the ng
smallest eigenvalues of Ly as described in Theorem 1.3. Let € be given by Theorem 1.3. According to
Theorem 1.3, for every & > 0 small enough, IT; satisfies

1
My = — (z—Ly) 'dz (4-20)
2w J:eop0,%)
and in particular,
I, = O(1). (4-21)
Lemma 4.9. Forall j € {1, ..., ny}, we have, in the limit h — 0,

(1 =T, ll = O(Vhi;h)) (4-22)

and
11 =Tl = O(VA;(h)) (4-23)
Proof. Thanks to the resolvent identity, one has
1 _ _
(1= Tyg; = -— @' == Ly) De;dz
1T Jz€aD(0,D)
—1

=— ' z—Lv) 'Lyg;dz.
2im J:eap0,9)

Moreover, it follows from Theorem 1.3 and from (1-14) that for any z € d D (0, €p/2),
1z = L) ™M 22mpy > £26my) = O(D).

Combined with (4-18), this proves (4-22). On the other hand, one has similarly
—1
(1—H*)<p-=,—f W z=L) "Lhe;dz
Wi = 5 (D0, 1% vPj

and [|(z — L) 7 20my o 22(my = O(1). Then, (4-23) follows immediately from (4-19). [l
Vv (mp) (mp)

Proposition 4.10. For every j € {1,...,no} and h > 0 small enough, define v; := I1,¢;. Then, there
exists ¢ > 0 such that for all j, k € {1, ..., ng}, in the limit h — 0,

(v, o) =8k +O(e™h) (4-24)
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and

(Lyvj, o) = 8k (h) + O(Vhij (i () ). (4-25)
In particular, it follows from (4-24) that for every h > 0 small enough, the family (vi, ..., vy,) is a basis
of Ran Iy,
Proof. Since, for some ¢ > 0, every j € {1, ..., no}, and every 2 > 0 small enough, ij (h) = O(e~ /M),

the first identity follows directly from (4-9), (4-22), and from the relation

(v, vk) = (@), @) + (@), vk — @) +(v; — @), v).
To prove the second estimate, observe that
(Lvvj, vi) = (LyIlpe;, M)
=(Lvej, ox) +{(Lv Il — )g;, or) + (Il Ly g;, (I — 1)gx)
= (Lvej, o) + (T, — Dej, Lyee) + My Lygj, (T — D).

Moreover, thanks to Lemma 4.8, (4-21), and Lemma 4.9, one has

(T — Dej, Lo < 1T, — D HILy ekl = O(VhAj(h)i(h))

and
(M Ly s, (M = D) < 1T lILye; I (T = Deell = O(VA*R; ()Ax(h) ).
Gathering these two estimates and using Lemma 4.7, we obtain (4-25). ]
We now orthonormalize the basis (vy, ..., v,,) of RanII;, by a Gram—Schmidt procedure: for all
Jj €{l,...,np}, let us define by induction
s — (v}, &) . ej
ej:vj—kg;wek and then ej:”é_j”' (4-26)
Lemma 4.11. There exists ¢ > 0 such that for all j € {1, ..., ng}, in the limit h — 0,
j—1
ej=v; +Zaj,kvk
k=1

with aji = O(e=¢'"). In particular,
Vjiefl,..., no}, ||éj||:1+o(e—%),

Proof. One proceeds by induction on j. For j = 1, one has ¢; = v; = ¢; = 1 and there is nothing to prove.
Suppose now that the above formula is true for all ¢; with 1 </ < j <ng. Then é; | =v;;1 —r;41 with

j -
(Vjt1,ex) .
rivl = Z T G

> 12
]
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Since by induction, |le|| =1+ O(e=/" forall k € {1, ..., j}, it follows that

J
rip1=0+0( )Y (vj1. &)
k=1

Moreover, for all k € {1, ..., j}, one also has by induction,

k-1 k
ek = Uk + Zak,lvl = Z,Bk,lvk
=1 =1

with Br; = O(1) forany [/ € {1, ..., k} (and actually g ; = O(e~/"y when I < k), which implies

j k
P =040 D) YY" BeiBem(vjti, vivm

k=11,m=1

Since, thanks to Proposition 4.10, (v;41, v;) = O(e /"y forall ,m <k < j+1,

J
rj+1 = E VjmVm,
m=1

where y; , = O(e=/"y for allm € {1, ..., j}. This proves the first part of the lemma. The second part is
obvious. Il

Proposition 4.12. Forall j,k € {1, ..., ng}, in the limit h — 0,
(Lyej, ex) =8ihj(h) + O(Vhij(mic(h) ).

Proof. Thanks to Lemma 4.11, for all j,k € {1, ..., np},

j—1 k-1
(Lvej,er) = (Lyvj, v) +Z @, ALyvp, vg),
p=lg=1

where oe;,’ g = %) pQkg = O(e¢/M), for all p, g. Combined with Proposition 4.10, this implies

J—1k—
(Lvé;, &) = 8xnj(h) +O(Vhhj(h)i(h) ) ZZ (Lvvp. vg). (4-27)

On the other hand, thanks to Proposition 4.10 and (4-17), one has in the limit 4 — O, forall 1 < p < j
and 1 < ¢ <k,

(Lyvvp, Vg) = 8pghp(h) + O(VhA,y()Ag(h)) = O(V dp(h)hg(h) )
= O(VA;(W(h)).

Combined with (4-27) and using the fact that a;,’ = O~y = O(\/E), this shows that

(Lvé;j, &) = 8jxh;(h) + O(Vhh;j()ik(h)).
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Finally, since e; = (1 + O(e='M))éy according to Lemma 4.11, we obtain

(Lvej, ex) = (1+O(e™ M) (Lyé;, &) = 8jxh;(h) + O(Vhi;(h)ix(h)),

which completes the proof. U
We are now in position to prove Theorem 1.9. We recall that (ey, ..., e,,) is an orthonormal basis of
Ran 1, and that Ly |ran 1, : RanIT;, — Ran Tl has exactly ng eigenvalues Aq, ..., A,,, with A; =0 if

and only if j = 1, counted with algebraic multiplicity. Let us denote é; = e,,,4+1—; and let M denote the
matrix of Ly in the basis (e, ..., é,,). Since this basis is orthonormal,

M= ((Lveéx, ;) jkefl,...no}-
Moreover, since
Ly@n)=Ly(e) =0 and L} (@) =0,
M has the form

M0 . , o
M= ( 0 O) with M":= ((Lveg, €;))j ke(l,..ng—1)-

On the other hand, denoting ):j (h):= ):noﬂ,j (h) for je{l, ..., no—1}, one deduces from Proposition 4.12
that for every j, k € {1, ...ng9— 1}, in the limit 2z — 0,

(Lvék, ;) = (Lveny—k, eny—j) = 8jihj(h) + O(Vhi (W) (h) );

that is,
(Lvér, &) = V(W) (8 +O(Vh)). (4-28)
Forall j € {1,...,nop— 1}, let us now define
A IM(S)I Dmn —j
Sj:=Snp+1—; and v;:=C(my1-j) = Z —
. 2 Dy
s€j(muyy1-)
5
=7 ({1 +O(h)),
where ¢(m), m e U\ {m}, is defined in (1-21), and the last estimate follows from (4-16). Since the
sequence () je(2,....no} 18 Nonincreasing, there exists a partition Jy U...1J, of {1, ..., no— 1} such that
forall k € {1, ..., p}, there exists t(k) € {1, ..., no— 1} such that
Vied, Sj=8@ and Vi<k<k <p, Su <Sw- (4-29)

Hence, we deduce from (4-28) that
M =Q(7+ (Vh))Q
with
J =diag(vj, j=1,...,n0—1)

and .
Su(k)

. 5
Q=diag(e %, j=1,...,np— 1) =diag(e" 2 I,,, k=1,..., p),
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—Siy/h

where, for every k € {1, ..., p}, rx =card(Jy). Factorizing by e , we get

M =7 +0(Vh)8
with
Say=Sik)

Q=diag(e” = I, k=1,...,p).

Denoting 7y = 1 and, for k € {2, ..., p}, T = eSe-0=50)/CM we observe that, thanks to (4-29), 7 is
exponentially small when 2 — 0. Moreover, with this notation, one has

Q =diag(ti I,,, it2 Ly, - - ., (nlerj)lrp).

This shows that e=50/" AL’ is a graded matrix in the sense of Definition A.1. Hence, we can apply
Theorem A.4 and we get that in the limit 7 — 0,

p 5
oMY C| | oM +O(Vh)).
k=1
where for every k € {1, ..., p}, & = ]_[f‘:1 7, and M) = diag(v;, j € Ji). Moreover, still according to
Theorem A.4, M’ admits in the limit 2z — 0, for every k € {1, ..., p} and every eigenvalue A of Mj with
multiplicity r;, exactly r; eigenvalues counted with multiplicity of order e S/ hs,% ()» + (’)(«/E ))
Going back to the initial parameters, one has, for every k € {1, ..., p},

_Sa) S .
e hgi=e h and o (M) ={v;, j € Ji}.

Hence, the eigenvalues of M’ satisfy
$

Vief{l,....,ng—1},  Apgy1—j(h) =€_7j(vj +0(Vh)),

which is exactly the announced result.
4D. Proof of Theorem 1.11. As in the preceding subsection, for brevity we denote
(=02, = 1-l2gny»  Lviw =Ly,

and we label the local minima m, ..., m,, of V so that (S(m;)) e(1,... n,) 1S nonincreasing (see (1-19)):

S(m;) =+oo and, forall j €{2,...,n0}, S(mji1) <S@m;) < +oo.
Let moreover m* € U©) \ {m} be such that

S(m*)=S(m,) and ¢(m*) = min  ¢(m), (4-30)
meS~1(S(my))
where the prefactors ¢ (m), m € U \ {m}, are defined in (1-21), and let us define, for any & > 0,
S(m*)

Ah) :=c(m®)e i .

According to the unitary equivalence (see (1-14))

L —lUPU*
V_h ¢ ’
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and to the localization of the spectrum of P stated in Proposition 1.1 and in Theorem 1.3, for every
h > 0 small enough, taking €p as in the statement of Theorem 1.3,

le™"2v — Mol < lle =V T, — Mol| + [le ™=V (Id =TT |, (4-31)

where, as in the preceding subsection,

1
I, == — (Z—Lv)_ldz.
2im J:eon0,%)

Moreover, it follows from Proposition 1.1 that o (Pg) C I's, C r Ao With
Fao=1{z €C, [Im(2)| < Ao(Re(z) + D}

Hence, for every ¢ > 0, the operator e "%V (I — IT;,) can be written as the complex integral

e v(1d —11) =—/ e (z—Ly) "dz,
Uy

€ € 1 € 1
F0:{3°+iA0x,xe[——°— °+—“

where

2 2 'nh

ro=beting(xs D) xel o
s=qxEido(x+ ) x 5ot

From the resolvent estimates proven in Theorem 1.3, (z — Ly)"'=01) uniformly on I"y, and then, for

/e"Z(z—Lvrldz:e—f?o(l).
Iy h

Using in addition the resolvent estimates proven in Proposition 1.1, ||(z—Ly)~!|| < 1/Rez <2/€y on I'y,

and

every ¢t > 0,

and then
19

+00 e
/ e—fZ(z—LV)—ldzzoa)/ e Wdx = o).
Iy 2

t

It follows that for every ¢ > 0,

¢ 1 1
le "tV (d —TI1p) || = e—’fo(; + Z)‘

Moreover, e 'LV (Id —I1;,) = O(1) since T, = O(1) (see (4-21)) and e "%V = O(1) (by maximal accretivity
of Ly). Hence, there exists C > 0 such that for every ¢ > 0 and 4 > 0 small enough,

)

le "BV (I =Ty < Cmin{l, ¢ } <2Ce M1,

Thus, according to (4-31), it just remains to show that

there exists C > 0 such that [|e "LV IT), — ITo|| < Ce~*M=CVh, (4-32)
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To this end, let us first recall from Proposition 1.1 that the spectral projector ITjoy associated with the
eigenvalue 0 of Ly has rank 1 and is actually the orthogonal projector [Ty on Span{1} according to the
relations

Span{1} = Im ITjpy = Im T}, = (Ker I{g)) ™.

It follows that

e_tLVHh —TIIp= e_tLV(Hh — H{()}).

Since moreover I1;, — ITjoy = O(1) (thanks to the resolvent estimate of Theorem 1.3), it suffices to show

that

there exists C > 0 such that ||e*tLV(l'[h — Mo [Ran(r, —mop | < Cef(w')fc‘/ﬁ)’.

Using the notation of the preceding subsection, this means proving that the matrix M’ of Ly in the
orthonormal basis (e, ..., éy,—1) of Ran(IT; — ITp) is such that

there exists C > 0 such that |e M| < Ce=*=CVhyr
Let us now consider a subset V© (in general nonunique) of U ©\ {0} such that
meV? i (¢(m), S(m)) € {(¢(m), S(m)), m € UV \ {0}} is a bijection.
Then, for any K > 0 and for every & > 0 small enough, the closed disks of the complex plane

(m) (m)

Dm.x i= DCm)e=" ", KNhe i), mev©,

are included in {Re z > 0} and two by two disjoint. Moreover, according to Theorem 1.9, K > 0 can be
chosen large enough so that when 4 > 0 is small enough, the ny — 1 nonzero small eigenvalues of Ly are

U p(sme . Svhe™ ).

mey©®

included in

In particular, for every ¢ > 0 and for every 2 > 0 small enough,
, 1
D S I RGO
2im aD
mey©® 2€0Pm K

Using now the specific form of M’ exhibited in the preceding section and Theorem A.4, for every m € V©,

in the limit 2z — O,

1 —1z n—1 ﬂ‘{(m)e_%(lfl(«/ﬁ)
Py e (z—M) " dz=0(e ).
2iw 2€0Dp k

Indeed, the resolvent estimate of Theorem A.4 implies

Vi€ dDmk . IIM —2)7 1| = Odist(z, o (M) ) = 0(%235”)). (4-33)

The relation (4-32) follows easily, which concludes the first part of Theorem 1.11.
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Finally, let us assume that the element m* satisfying (4-30) is unique. In this case, m™ necessarily
belongs to VO and the associated eigenvalue A(m*, h) (see (1-20)) is then real and simple for every & > 0
small enough. In particular,

1 *
: e*ZZ(Z _M/)fl dZ — e*l‘)u(m ’h)n{)t(m*,h)},
217—[ ZGaDm*yK
where IT;, m* 1)) 1s the spectral projector (whose rank is one)

1 _
Mm ny = 57— (z—MH7dz.
2T Dy
Further, the resolvent estimate (4-33) shows IT u*, 1), = O(1). Since in addition, in this case (see (1-20)),

(m*)

Vm e VO (m*),  A(m*, h) = cm*e i (1+OWh) > ctmye= " (1 — K/h)
for every K > 0 and for every & > 0 small enough, we obtain that in the limit # — 0,

e—t./\/l/ — O(e—t)\.(m*,/’l))’

and thus the relation (4-32) remains valid if one replaces A(h) — C Vh there by A(m*, h). This concludes
the proof of Theorem 1.11.

Appendix: Some results in linear algebra

The aim of this appendix is to give some handy tools of linear algebra adapted to the setting of nonreversible
metastable problems considered in this paper. Let us start with some notation.

Given any matrix M € My4(C) and X € o0 (M), we denote by m(A) the multiplicity of A, m(A) =
dim Ker(M — A)?. We recall that for every r > 0 small enough,

m(A) =rank(I1pg, (M) = n(D(,r); M), (A-1)

where

Mpo.n (M) = %/ (z— M) 'dz.
LT JaD(nr)
We denote by Zy(E) the set of complex matrices on a vector space E which are diagonalizable and
invertible.
Given two subsets A, B C C, we say that A C B+O(h) if there exists C > 0 such that A C B+ B(0, Ch).

Definition A.1. Let & = (E}) =
r; > 0,let £ = Dj=1
from (0, 1] x (IR*JF)P_1 into the set of complex matrices on E.

We say that My, (7) is an (&, t, h)-graded matrix if there exists M’ € Zy(E) independent of (h, )
such that M, (t) = Q(t)(M' + O(h))2(t) with Q(7) and M’ such that

e M'=diag(M;, j=1,..., p) with M; € Zy(E}),

o Q(7) =diag(e;(v)y;, j=1,..., p) withei(r) =1 and ¢;(7) = (Hi:z rk) for all j > 2.

p» be a sequence of finite-dimensional vector spaces E; of dimension

.....

pEjandlett =(12,...,7)) € (IR"jr)p_l. Suppose that (7, T) — Mj(t) is a map

.....
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Throughout, we denote by 4(&, t, h) the set of (&, t, h)-graded matrices.

Lemma A.2. Suppose that M, (t) is a family of (&, t, h)-graded matrices and that p > 2. Then, one has

J(h) szf[(f/)*>

nB, () IZZN;,(I’) (A-2)

Mh(f)=(

where

o« J(h) = My + O(h) with M € 9y(E)),

e Ni(t) €e9(&", T/, hy witht' = (13, ...,7y) and &' = (Ej) j=2,... p»

« B, (t)) € M(E\, ®_,E) satisfies

By ()" = (by (h)*, taby (h)*, T3taby (h)*, ... 13-+ Tpb3 (h)¥)
with bji(h) : Ey — Ej independent of T and bj(h) = O(h).

Moreover, the matrix Nj,(t') — Bh*(r’)J(h)*lB;r(r’)* belongs to 4(&', T, h).
Proof. Assume that M (1) = Q(t)(M’ + O(h))Q2(t) with Q(t) and M’ as in Definition A.1. First

observe that
s 0
Q(r) = (0 TZQ,(T,))

with
L, 0 ...... 0
0 w3l,, O 0
Q)= 0
0
o ... ... 0 3. .. Tply,
On the other hand, we can write
/ _( J(h) BTh)*
M 4+0Oh) = (B’_(h) N'(h)

where J(h) = M| + O(h) with M, € Zy(E;), B'*(h) = O(h), and N'(h) = N+ O(h) with Nj =
diag(M;, j =2, ..., p). Therefore,

I+ e
Q(T)(M'—l—(?(h))sz(f):( J (h) H B (h)*Q (7)) )

Q' (t")B'~ (h) r%Q/(r/)/\//(h)Q’(r’)

has exactly the form (A-2) with Bff (t)=Q/(t)BF(h) and N, (t') = ()N’ (h) ' (t'). By construction,
Ny (') belongs to 4 (&7, ©/, h) and B,f(r/) has the required form. O

Lemma A.3. Let M be a complex diagonalizable matrix. Then there exists C > 0 such that

VidaoM), [[(M—n""<Cdisth,o(M))™".
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Proof. Let P be an invertible matrix such that PM P~! = D is diagonal. Then
(M=) =IP(D-=2""PY <CI(D—-1)7" = Cdisth, o (M)~ O

The following theorem gives precise information on the spectrum of graded matrices as introduced
above. The proof is based on standard arguments, namely on the Schur complement method and complex
analysis. The use of these two tools permits us to work by induction and to decompose the base vector
space in order to isolate eigenspaces corresponding to eigenvalues of the same order and to see the
remainder of the matrix as a perturbation. Similar arguments were used in [Michel 2019] in a self-adjoint
framework. We believe that this result could be useful in other contexts where the computation of clouds
of eigenvalues cannot be carried out by standard self-adjoint arguments.

Theorem A.4. Suppose that My (t) is (&, t, h)-graded. Then, there exists Ty, hg > 0 such that for all
0 <7t <thandallh € (0, hol, one has

p
o(Mi(0) || ;o M) +Oh)).

j=1
Moreover, for any eigenvalue A of M with multiplicity m ; (1), there exists K > 0 such that, denoting
D;:={z€C, |z— sj(t)zkj| < Ksj(t)zh}, one has
n(Dj; Mu(t)) =mj), (A-3)
where n(Dj; My (7)) is defined by (A-1). Moreover, there exists C > 0 such that
I(Ma(2) =)~ < Cdist(z, o (Ma()) ™!

fOl’ allzeC \ U?:l U)\,EO’(MJ‘) B(Sj (T)z)h 8]’(7:)2Kh)'

Proof. We prove the theorem by induction on p. Throughout the proof the notation O(-) is uniform
with respect to the parameters /4 and t. For p = 1, one has M (v) = M; + O(h) with M| € M, (R)
independent of %, diagonalizable and invertible. Let us denote AL j=1,...,ny, its eigenvalues and
mj = m()»}) the corresponding multiplicities. The function z — (M, — z)~! is meromorphic on C with
poles in o (M},). Moreover, Lemma A.3 and the identity

My —z= M, —2)Ad+(M; —2)"'O(h)), Vz¢o(M)
show that for any C > 0 large enough, (M}, —z) is invertible on (C\U;f‘:1 DL, Ch) with ||(M;—2)7 || =

O1/(Ch)) and
My —2) ' =Ad+(M; — ) Oh) My —2) 7 (A-4)

Hence, for every C > 0 large enough, the associated spectral projector writes

1

1)) ! 1
m - Id+ —)) M .
oo M) = 5— /wa},cm( d 0<C (z—M) " dz
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This implies that for C > 0 large enough,
rank(HD(A},Ch) (Mh)) == rank(HD(A},Ch) (Ml)) = mj,

which is exactly (A-3). As a consequence

ni ny

> rank(Ilpg1 oy (Mn)) = D mj=n

j=1 j=1

is maximal and hence o (M}) C U'J“zl DL, Ch). Finally, (A-4) shows that one has, for any z €
C\UJL, D&}, Ch,

My —2) 7 < CIl(My—2)7 1|
for some constant C’ > 0. Using Lemma A.3 we get
My —2)7 1| < C'dist(z, 0 (M) ! < C" dist(z, 0 (M) ™!

forallz € C\ U']“:1 D(A}, 2Ch). This completes the initialization step.
Suppose now that p > 2 and let M, (t) € 9(&, 1, h). We have

_( J(h) wBfE)*
Mi() = (tth_(t’) 7:22/\/';1(1:/))

with J(h), Bff (t") and Ny (1) as in Lemma A.2. In order to lighten the notation, we will drop the
variables 7, t/ in the proof below. For A € C, let

h o) s

PA) =Mp(t)— A= ( B, TZZNh _

This is a holomorphic function, and since it is nontrivial, its inverse is well defined excepted for a finite
number of values of A which are exactly the spectral values of Mj,.

We first study the part of the spectrum of M), which is of largest modulus. Let A}, n=1,... ny,
denote the eigenvalues of the matrix M;. Since J(h) = M| + O(h) and M| € Zy(E), the initialization
step shows that there exist C > 0 such that o (J (h)) C UZ‘: | D(k}l, Ch). Moreover, since M is invertible,
there exists ¢y, di > 0 and ko > O such that foralln=1, ..., ny, one has )»,11 € K(cy,dy) where K (cy,d;) =
{zeC, c1 <|z| <di}. Letn €{l, ..., n;} be fixed and consider D,, = D,(h) ={z €C, |z —A}l| < Mh}
for some M > C >0 and D, = {zeC, |z— kil < 2Mh}. Observe that for 4 > 0 small enough, the disks
D,, are disjoint. By definition, one has N}, (z") = O(1) and since || > ¢; — O(h) > ¢ /2, this implies
that for 7, > 0 small enough with respect to ¢; and A € l~)n, the matrix 122/\/';1 (t’) — A is invertible, and
(122/\/';1 (t))— 1)~ = O(1). Moreover, it follows from the initialization step that for A € f)n \D,,, J(h)—A
is invertible and

I(J (h) — 2~ = Oist(r, o (J(h) ™) = O ™).
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Combined with the fact that Bff = O(h), this implies that for 2 > 0 small enough and A € D, \ Dy,
J(h) — A — 2B, (t2N, — ) 7' B, is invertible with

(J(h) = h— B Ny -0 B;) ™!

= (J(h) =)~ (I =3B (@GN — 0 B (J () — )~
= (J(h)—2) "I +Oh)). (A-6)

Hence, the standard Schur complement procedure shows that for A € D, \ D,, P () is invertible with
inverse £()\) given by

e = <—T2(T22Nh li(;;_‘B{E(K) _QE(X)B;;:(%M’ o ) A7
with
EQ) = (J(h)—»— 3B " (3N, — 1) 7'B; )
and

Eo(\) = (53N — M)~ + 13 (53 Ny = M) 7' B EQ) B, (3N, — M) 7
Let us now consider the spectral projector I1p, (M}). Then,

rank(ITp, (Mj)) > rank(IT,),

~ Id 0 Id 0
Hn:(o 0) HD,,(Mh)(O O)'

On the other hand, an elementary computation shows that
~ 1 E) 0O E, 0
I, =— A=
" 2in/3Dn(O o)d <oo
1

1 _
E,==— | (JW)—r—tB " (GZN, —2)7'B;) " da
2imw D,

where we defined

with

f (J () =)' +Oh)) dx,
2171

where the last equality follows from (A-6). It follows that for 7 > 0 small enough, the rank of E, is
bounded from below by the multiplicity (1)) of A and hence

rank(TTp, (Mp,)) > m()) (A-8)

foralln=1,...,n;.
Let us now study the part of the spectrum of order smaller than r22. Thanks to the last part of Lemma A.2,
the matrix 2, (t') :=N,—B, J (h)~! B;lr "*is classical (&”, t’)-graded. Hence, it follows from the induction
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hypothesis that uniformly with respect to 4, one has

p
o (2" | | &) +Om)) (A-9)

j=2
with &; = rz_lej = ]_[{:3 7; for j > 3 and &, = 1. One also knows that for all j =2, ..., p and all

AE O’(Mj),
rank I1p; (Z,) = m;(A)

where D; = D(AE?, Khé?) for some K > 0. Moreover, for all z ¢ Ufzz UAGU(MJ,) D(AE?, Khé?), one
has the resolvent estimate

(Zn(t") —2)~" = O(dist(z, o (Zp(r') 7). (A-10)
For j =2,..., p, let A{, R kﬂj denote the eigenvalues of the matrix M; € Dy. As above, there
exist ¢j, d; > 0 such that = K(cj,dj) foralln=1,...,n;. Suppose now that j € {2,..., p} and
nef{l,...,n;} are fixed and consider, for M > K,

D, =1{z€C, |lz—eM]| <Mhel} =1, {7 € C, |2 — &M)| < Mh&3).
Since M, is invertible, J(h) — A is invertible and (J(h) — 2)~! = O(1) for A in D;’n and h, 7, small

/

ino noting A’ = rz_zk,

enough. Moreover, for any A € 9D
TGNy —A—13B;, (J(h) =)' B =i (N, =2 = B, (J(h) — 0B
=1(Z =¥ =B, (U =0~ =T HB, ™)
=13(Zh — ) + O M2, = 2)"HD.
Hence, according to the relations (A-9), (A-10), and to ¢; = 12¢,

TGNy —A—13 B, (J(h) =27 B " =13(2, — M) + Oe3 (2, — 1) D)D)
g2
=132, —)) (1 + 0(1%))
€
=13(2, — M) + O(htd)). (A-11)

The latter operator is then invertible around aD} , for h, 7o small enough, and the Schur complement
formula then permits us to write the inverse of P(A) as

s <—rzE<x)§:O<(§)(h) BN _Eii;]B;’*E(w (12
with
EG) = (GNy = — 1B, (J(h)—n) ' BF*) ™!
and

Eo) =) =)~ +13(J(h) =2~ BT EQ) B, (J(h) =)~
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As above, let us consider the corresponding projector I1 D, (Mp,). From A = IZZ)J, we get

2

Mp (M) =2 £20)dN
p. (Mp) == (A da
J.n 20T BD//'"

with lA);n ={7€C, |7 - E?A,{I < Mhé?}. It follows moreover from (A-11) that for every A’ € BIA);.,H

and A, 7, small enough,

E(@N) =1,2(Z, — )"+ Om)), (A-13)
and the same argument as above shows that rank(T1 D, (Mp)) > rank(E)) with

2

) 2 _ 1 —1 -1
E, =" E(t;z)dz= — (Zhn—2) (U +0M)) dz.
2im D, 2im oD,

By the induction hypothesis, this shows that for  small enough, the rank of E), is exactly the multiplicity
of A}, and hence

rank(l'ID}_n (Mp)) = m(rd)

forall j=2,...,pandn=1,...,n;. Combined with (A-8), this shows that forall j =1, ..., p and
n=1,...,nj,

rank(ITp.

Jj.n

(M) = m())
with D, = S?D()L,j;, MHh). Since ) in m()c,’;) is equal to the total dimension of the space, this implies
rank(Tp,,, (M) = m(X) (A-14)

which proves the localization of the spectrum and (A-3).
It remains to prove the resolvent estimate. Suppose that A € C is such that

P
rel) U DE@mm. e (0Kh).

j=1ueo(M;)

We suppose first that |A| > ¢o for ¢g > 0 such that |)»,11| >2cy foralln=1,...,n;. Then P(A) =
My (t) — A is invertible with inverse £()) given by (A-7). Using (A-6) it is clear that E(X) = OhhH =
O(dist(x, 0 (M, (t))~"). On the other hand, since (122/\/;, —2)~'=0(@) and B = O(h) we have also
Eo(A) = O(1) and then £(1) = O(dist(r, o (M (1))~ h).

Suppose now that |A| < cg. Then P(A) = Mj,(t) — A is invertible with inverse £(A) given by (A-12).
Setting A" =7, 2). one deduces from (A-13) and from (A-9) and (A-10) that

E() = O(z; 2 dist(V, 0(21)) ") = Oist(h, o (M (1)) 7).

This completes the proof. U
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JOINT DISTRIBUTION OF BUSEMANN FUNCTIONS IN THE EXACTLY
SOLVABLE CORNER GROWTH MODEL

WAI-TONG LOUIS FAN AND TIMO SEPPALAINEN

The 1+1-dimensional corner growth model with exponential weights is a centrally important exactly
solvable model in the Kardar—Parisi—Zhang class of statistical mechanical models. While significant
progress has been made on the fluctuations of the growing random shape, understanding of the optimal
paths, or geodesics, is less developed. The Busemann function is a useful analytical tool for studying
geodesics. We describe the joint distribution of the Busemann functions, simultaneously in all directions
of growth. As applications of this description we derive a marked point process representation for the
Busemann function across a single lattice edge and calculate some marginal distributions of Busemann
functions and semi-infinite geodesics.
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1. Introduction

The corner growth model in the Kardar—Parisi-Zhang class. The planar corner growth model (CGM)
is a directed last-passage percolation (LPP) model on the planar integer lattice Z> whose paths are allowed
to take nearest-neighbor steps e; and e;. In the exactly solvable case the random weights attached to the
vertices of 72 are i.i.d. exponentially or geometrically distributed random variables.

The exact solvability of the exponential and geometric CGM has been fundamental to the 20-year
progress in the study of the 1+1-dimensional Kardar—Parisi—-Zhang (KPZ) universality class. After the
initial breakthrough by Baik, Deift and Johansson [Baik et al. 1999] on planar LPP on Poisson points,
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the Tracy—Widom limit of the geometric and exponential CGM followed in [Johansson 2000]. This
work relied on techniques that today would be called integrable probability, a subject that applies ideas
from representation theory and integrable systems to study stochastic models. A large literature has
followed. Recent reviews appear in [Corwin 2018; 2016; 2012]. A different line of work was initiated
in [Baldzs et al. 2006] that gave a probabilistic proof of the KPZ exponents of the exponential CGM,
following the seminal work [Cator and Groeneboom 2006] on the planar Poisson LPP. The proof utilized
the tractable stationary version of the CGM and developed estimates by coupling perturbed versions
of the CGM process. This opening led to the first proofs of KPZ exponents for the asymmetric simple
exclusion process (ASEP) [Baldzs and Seppéldinen 2010] and the KPZ equation [Baldzs et al. 2011], to
the discovery of the first exactly solvable positive-temperature lattice polymer model [Seppéldinen 2012],
to a proof of KPZ exponents for a class of zero-range processes outside known exactly solvable models
[Balazs et al. 2012], and most recently to Doob transforms and martingales in random walks in random
environments (RWRE) that manifest KPZ behavior [Balazs et al. 2019b]. The estimates from [Balazs
et al. 2006] have also been applied to coalescence times of geodesics [Pimentel 2016] and to the local
behavior of Airy processes [Pimentel 2018].

Joint distribution of Busemann functions. The present article places the stationary CGM into a larger
context by describing the natural coupling of all the stationary CGMs. This coupling arises from the joint
distribution of the Busemann functions in all directions of growth.

Let G,y denote the last-passage value between points x and y on the lattice 72 (the precise definition
follows in (2-1) in Section 2). The Busemann function Bf, y 1s the limit of increments G,y — Gy, x as
vy, is taken to infinity in the direction parametrized by p. In a given direction this limit exists almost
surely. These limits are extended to a process B* by taking limits in the parameter p. Finite-dimensional
distributions of B*® are identified as the unique invariant distributions of multiclass LPP processes. These
distributions are conveniently described in terms of mappings that represent FIFO (first-in-first-out)
queues. Key points of the development are (i) an intertwining between two types of multiclass processes,
called the multiline process and the coupled process, and (ii) a triangular array representation of the
intertwining mapping.

The results of this paper will have various applications in the study of the CGM, and they can be
extended to other 1+1-dimensional growth and polymer models that have a tractable stationary version.
A forthcoming work of the authors develops the joint distribution of Busemann functions for the positive-
temperature log-gamma polymer model.

Two applications have been completed recently. Properties of the joint Busemann process B* discovered
here are applied in [Janjigian et al. 2019] to describe (i) the overall structure of the geodesics of the
exponential corner growth model and (ii) the statistics of a new object termed the “instability graph”
that captures the geometry of the jumps of the Busemann functions on the lattice. The joint Busemann
distribution is necessary for a full picture of the geodesics because in a fixed direction semi-infinite
geodesics are almost surely unique and coalesce (these facts are reviewed in Section 2B below) but there are
random directions of nonuniqueness. The joint distribution captures the jumps of the Busemann function
as the direction varies. These correspond to jumps in coalescence points and nonuniqueness of geodesics.
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The article [Baldzs et al. 2019a] gives a proof of the nonexistence of bi-infinite geodesics in the
exponential CGM, based on couplings with the stationary version of the LPP process. The joint distribution
described here is a critical ingredient of the proof.

An analogue of the Busemann function on the Airy sheet. An interesting similarity appears between
our paper and recent work on the universal objects that arise from LPP. Basu, Ganguly and Hammond
[Basu et al. 2019] study an analogue of the Busemann function in the Brownian last-passage model.
Instead of the lattice scale and all spatial directions, they look at a difference of last-passage values
on the scale n*/3 into a fixed macroscopic direction, where universal objects such as Airy processes
arise. Translated to the CGM, their object of interest is the weak limit Z(z) of the scaled difference
n71/3[G(n2/3,0),(n+zn2/3,n) — G (23,0, (nten2 ) + 4n?/3] that they call the difference weight profile. In
terms of the Airy sheet {W(x, y) : x, y € R} constructed recently by Dauvergne, Ortmann and Virdg
[Dauvergne et al. 2018], the limit Z(z) = W(1, z) — W(—1, 2).

The limit Z(-) is a continuous process, while the Busemann process we construct is a jump process.
But like the Busemann process, the limit Z(-) is constant in a neighborhood of each point, except for a
small set of exceptional points. In both settings this constancy reflects the same underlying phenomenon,
namely the coalescence of geodesics. In our lattice setting, Theorem 3.4 gives a precise description of
these exceptional directions in terms of an inhomogeneous Poisson process.

Past work. We mention related past work on queues, particle systems, and the CGM.

Queueing fixed points. We formulate a queueing operator as a mapping of bi-infinite sequences of
interarrival times and service times into a bi-infinite sequence of interdeparture times (details in Section 2C).
When the service times are i.i.d. exponential (memoryless, or -/M /1 queue), it is classical that i.i.d.
exponential times are preserved by the mapping from the interarrival process to the interdeparture
process, subject to the stability condition that the mean interarrival time exceed the mean service time.
Anantharam [1993] proved the uniqueness of this fixed point and Chang [1994] gave a shorter argument.
(An unpublished manuscript of Liggett and Shiga is also cited in [Mountford and Prabhakar 1995].)
Convergence to the fixed point was proved in [Mountford and Prabhakar 1995]. These results were
partially extended to general -/ G /1 queues in [Mairesse and Prabhakar 2003; Prabhakar 2003].

We look at LPP processes with multiple classes of input, but this is not the same as a multiclass queue
that serves customers in different priority classes. In queueing terms, the present paper describes the
unique invariant distribution in a situation where a single memoryless queueing operator transforms
a vector of interarrival processes into a vector of interdeparture processes. It is fairly evident a priori
that this operation cannot preserve an independent collection of interarrival processes because they are
correlated after passing through the same queueing operator. (For example, this operation preserves
monotonicity.) It turns out that the queueing mappings themselves provide a way to describe the structure
of the invariant distribution.

Multiclass measures for particle systems. In a series of remarkable papers, P. A. Ferrari and J. B. Martin
[2006; 2007; 2009] developed queueing descriptions of the stationary distributions of the multiclass
totally asymmetric simple exclusion process (TASEP) and the Aldous—Diaconis—Hammersley process.
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The intertwining that establishes our Theorem 5.5 became possible after the discovery of a way to apply
the ideas of Ferrari and Martin to the CGM. We use the terms multiline process and coupled process to
highlight the analogy with their work.

Busemann functions and semi-infinite geodesics. Existence and properties of Busemann functions and
semi-infinite geodesics are reviewed in Sections 2A and 2B. Two strategies exist for proving the existence
of Busemann functions for the exponential CGM.

(i) Proofs by Ferrari and Pimentel [2005] and Coupier [2011] relied on C. Newman’s approach to
geodesics [Howard and Newman 2001; Licea and Newman 1996; Newman 1995]. This strategy is
feasible because the exact solvability shows that the shape function (2-4) satisfies the required curvature
hypotheses.

(i) A direct argument from the stationary growth model to the Busemann limit was introduced in
[Georgiou et al. 2015] for the log-gamma polymer, and applied to the exponential CGM in the lecture
notes [Seppildinen 2018]. An application of this strategy to the CGM with general i.i.d. weights appears
in [Georgiou et al. 2017a; 2017b], where the role of the regularity of the shape function becomes explicit.

A sampling of other significant work on Busemann functions and geodesics can be found in [Cator
and Pimentel 2012; 2013; Ferrari et al. 2009; Bakhtin et al. 2014; Hoffman 2005; 2008].

Organization of the paper. Section 2 collects preliminaries on the CGM and queues. The main results
for Busemann functions and semi-infinite geodesics are stated in Section 3. Section 4 proves a key
lemma for the queueing operator. Section 5 introduces the multiline process, the coupled process, and
the multiclass LPP process, and then states and proves results on their invariant distributions. The key
intertwining between the multiline process and the coupled process appears in (5-8) in the proof of
Theorem 5.5 in Section 5D. Section 6 proves the results of Section 3. For the proof of Theorem 3.4,
Section 6B introduces a triangular array representation for the intertwining mapping. Auxiliary matters
on queues and exponential distributions are relegated to Appendices A and B.

Notation and conventions. Points x = (x1, x2), y = (y1, y2) € R?2 are ordered coordinatewise: x < y if
and only if x| < y; and xp < y,. The 2! norm is |x|; = |x1] + |x2]. Subscripts indicate restricted subsets
of the reals and integers: for example Z-.o = {1, 2, 3, ...}. Boldface notation for vectors: e; = (1, 0),
e; = (0, 1), and members of the simplex [e;, e;] = {te; + (1 —t)er : 0 <t < 1} are denoted by u.

ForneZ.o, [n]={1, 2, ..., n}, with the convention that [n] = @ for n € Z¢. A finite integer interval
is denoted by [m,n] ={m,m+1,...,n}, and [m,co[={m,m+1,m+2,...}.

For 0 < o < 00, X ~ Exp(«) means that random variable X has exponential distribution with rate «;
in other words P(X > t) =e~* fort > 0 and E(X) =", In the discussion we parametrize exponential
variables with their mean. For 0 < p < oo, v” is the probability distribution on the space IRZO of
bi-infinite sequences under which the coordinates are i.i.d. exponential variables with common mean 0-
Higher-dimensional product measures are denoted by v(P1:P2:P1) = PPl @ VP2 Q ... @ VP,

For 0 < p <1, X ~ Ber(p) means that random variable X has Bernoulli distribution with parameter p;
in other words P(X =1)=p=1— P(X =0).

In general, E* represents expectation under a measure j.
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2. Preliminaries

Section 2A introduces the main objects of discussion: the planar corner growth model (CGM), which
is a special case of last-passage percolation (LPP), and Busemann functions. Section 2B explains
the significance of Busemann functions in the description of directed semi-infinite geodesics and the
asymptotic direction of the competition interface. The somewhat technical Section 2C defines FIFO
(first-in-first-out) queueing mappings that are used in Section 3 to describe the joint distribution of the
Busemann functions. To be sure, the distribution of the Busemann functions could be described by plain
mathematical formulas without their queueing content. But the queueing context gives the mathematics
meaning that can help comprehend the results.

2A. Busemann functions in the corner growth model. The setting for the exponential CGM is the
following: (2, &, P) is a probability space with generic sample point w. A group of measure-preserving
measurable bijections {0,},c72 acts on (2, G, P). Measure preservation means that P(6,A) = P(A) for
all sets A € G and x € Z% Y = (Yy),z2 is a random field of independent and identically distributed
Exp(1) random weights defined on €2 that satisfies Y, (6yw) = Y, ,(w) for x, y € 7? and w € Q.

The canonical choice for the sample space is the product space 2 = [F\RZ) with its Borel o-algebra G,
generic sample point @ = (wy),cz2, translations (6xw)y, = wy4y, and ‘coordinate random variables
Y, (®w) = w,. Then P is the i.i.d. product measure on €2 under which each Y, is an Exp(1) random variable.

For u < v on Z? (coordinatewise ordering) let I, , denote the set of up-right paths x, = (x,-)l.”:_oul‘
from xo = u to xj,_y|, = v with steps x; — x;_1 € {ey, e2}. (The left diagram of Figure 1 illustrates this.)

Define the last-passage percolation (LPP) process

[v—uly
G, = max Z Y, foru<wvon 7> (2-1)
Xe€Ily —0

Forveu+ Zio we have the inductive equation

Gu,v = Gu,v—e| \% Gu,v—ez + Yv- (2'2)

—6 =5 —4 -3 -2 -1 0

[ —e)
oooooocl>—1 ,0:1?\
O (@) (@] (@) (@) OO —? \\\
| u(p) "~
O O  OmmmOmmmQmm=(Q c‘>—3
OmmOom=0 © O O O —4 Y —e
| p=oc

Figure 1. Left: The thickset line segments define an element of IT(_¢ _4) (0,0). Right:
As the parameter p increases from 1 to oo, vector u(p) of (2-5) sweeps the directions
from —e; to —e; in the third quadrant.
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The convention of this paper is that growth proceeds in the south-west direction (into the third quadrant
of the plane). Thus the well-known shape theorem (Theorem 5.1 in [Martin 2004], Theorem 3.5 in
[Seppélidinen 2018]) of the CGM takes the following form. With probability one,

li |Gx,0—gx)]
im sup —_— =

r=00 (@) I 2 X1

0 (2-3)

with the concave, continuous and one-homogeneous shape function (known since [Rost 1981])

g(0) = (VIxil+v1xl ) for x = (x1,x) € R, (2-4)

Busemann functions are limits of differences G, » — G, , of last-passage values from two fixed points
x and y to a common point v that is taken to infinity in a particular direction. These limits are described
by relating the direction u that v takes to a real parameter p that specifies the distribution of the limits: a
bijective mapping between directions u = (uy, uy) € ]— e, —ey[ in the open third quadrant of the plane
and parameters p € (1, oo) is defined by the equations

1 (p—1)?
1+(0—1D2" 1+(p—1)2

s e

(See the right diagram of Figure 1 for an illustration.)
The existence and properties of Busemann functions are summarized in the following theorem. By
definition, a down-right lattice path {yy} satisfies y, — yx—1 € {e1, —e} for all k.

Theorem 2.1. On the probability space (2, S, P) there exists a cadlag process BP = (B)I?,y)x,yelz with

state space RZZXZZ, indexed by p € (1, 00), with the following properties.

(i) Path properties. There is a single event Q2o such that P(20) = 1 and the following properties hold for
all w € Q, forall », p e (1,00) and x, v, z € 7*:

If\ <pthen By ., <BY ., and B} ., > Bl .. (2-6)
Bf,y + B)/)),z = Bf,z' (2'7)
Yo =B , «ABL_, .. (2-8)

Cadlag property: the path p — BY. y is right continuous and has left limits.
(i) Distributional properties. Each process B” is stationary under lattice shifts. The marginal distributions

of nearest-neighbor increments are

B!, .~Exp(p™") and B{_, ,~Exp(l—p7h. (2-9)

X—e1,X

Along any down-right path {y}rez on 72, for fixed p € (1, 00) the increments {B;?k,ykJrl Ykez are indepen-
dent.

(ii1) Limits. Fix p € (1, 00) and let u = u(p) be the vector determined by (2-5). Then there exists an
event Q(()p) such that [P’(Q(()p)) =1 and the following holds: for any sequence {u,} in Z* such that |u,|, — 00
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and u,/n — u and for any w € Q(p),

Biy= nlijrolo[Gumy = Gu,.xl. (2-10)

Continuity from the left at a fixed p € (1, 00) holds with probability one: lim, , B}’},y = B)f,y almost
surely.

The theorem above is proved as Theorem 4.2 in lecture notes [Seppildinen 2018]. The central point of
the theorem is the limit (2-10), on account of which we call B” the Busemann function in direction u.
We record some observations.

Additivity (2-7) implies that Bf , =0 and BY. y = ny x. The weights recovery property (2-8) can be
seen from (2-2) and limits (2-10):

B? A B?

xX—ep,XxX X—e2, X

— llIl'l [Gu,,,x - Gu,,,x—el] AN [Gu,,,x - Gu,,,x—ez]
n— 00

= lim [Gu,,,x - Gun,x—el \% Gun,x—ez] = Yx-

n—oo

Lemma 2.2. With probability one, for all x € 7* there exists a random parameter p*(x) € (1, 00) such

that
B)f e1x_Y <Bx —e,x fOl’,OE(l,p*(x)), 2-11)
Bl o =Yc<By_, . forpe(p*(x),o0).

The distribution function of p*(x) is P{p*(x) <A} =1—1"1for 1 < < oo.

Proof. Monotonicity (2-6) and the exponential rates (2-9) force Bf,ez’ . /" 0o almost surely as p \( 1

and BY_ —e;.x /" 00 almost surely as p " co. Edges {x — ey, x} and {x — e3, x} are part of a down-right
path, and hence Bf_ —e;.x and Bl e,.» are independent exponential random variables for each fixed p.

Consequently, with probability one, they are distinct for each rational p > 1. By monotonicity again there
is a unique real p*(x) € (1, co) such that for rational A € (1, 00),

)
A < p*(x) implies B x erx < Bi e (2-12)
A > p*(x) implies By_, . > By_,, .-
By monotonicity the same holds for real A. Conditions (2-11) follow from weights recovery (2-8). The
distribution function comes from (2-11), independence of Bf_ e.x and BY_ er.x» and (2-9). g

In particular, for a fixed x, the processes {Bf_, }i<p<co and {BY_q, +}1<p<oc are not independent of
L e.x and B?
u(p*(x)) is the asymptotic direction of the competition interface emanating from x (see Remark 2.5).

each other, even though for a fixed p, the random variables B are independent. Vector

X—en,x

The process B = {By.,} is a Borel function of the weight configuration Y. Limits (2-10) define B®
as a function of Y for a countable dense set of p in (1, o). The remaining p-values nyy can then be
defined as right limits. Shifts 6, act on the weights by (6,Y), = Y,4,. The limits (2-10) give stationarity
and ergodicity of B as stated in this lemma.

Lemma 2.3. Fix pi1,...,p, € (1,00) and y\,...,y, € Z% Let A, = (B, ,..... BY" ) and let

0 # u € 7% Then the R"-valued process A = {A\},cp2 is stationary and ergodic under the shift ,.
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Proof. Since the i.i.d. process Y is stationary and ergodic under every shift, it suffices to show that
A, = Ag o6, as functions of Y. Let u’ €] — ey, —e,[ be associated to p; via (2-5) and fix sequences

{ul}, ..., {(u"} in Z* such that, as m — oo, |u! || — oo and u', /m — u' for each i € [n]. Then almost
surely,
Pn :
Ac=B!yy - Bl = ”}Lmoo([Gu;”,x ty1 = Gut oL G aty, — Gup x)
= Jim ((Gu}—vy, = Guj—r)s -+ [Gug—x.y, = Gug—x.01) 0 x
_ P1 Pn _
—(Bo,yl’---’Bo,yn)o ), = Ago0,. O

2B. Semi-infinite geodesics in the corner growth model. Let x, = {x;} be a finite or infinite south-west
directed nearest-neighbor path on 73 (xk+1 € {xr —e1, xx — e2}). Then x, is a geodesic if it gives a
maximizing path between any two of its points: for any k < ¢ in the index set of x,,

£
Gr = Yo

i=k

Given p € (1, 00), define from each x € Z? the semi-infinite, south-west directed path b”* = {b,f ’x}kezzo
that starts at x = bg * and chooses a step from {—e;, —e,} by following the minimal increment of B*:
for k > 0,

px : o P
by e, if Bb,f"‘—el,b]f’x < Bbf‘x—ez,b,’;’x’

b, —e,, ifBY <B

p.X px =
bk —ez,bk

bﬂ,x _

(= 2-13)

P
p.x X .
bk —eq, bk

The tie-breaking rule in favor of —e; is chosen simply to make b”* a cadlag function of p. For a given p,
equality on the right-hand side happens with probability zero. Pictorially, to each point z attach the arrow
that points from z to bf “. For each x the path b”* is constructed by starting at x and following the
arrows.

The additivity (2-7) and weights recovery (2-8) imply that b”* is a (semi-infinite) geodesic: let
¢ > k > 0 and suppose {yi}f:k is a south-west directed path from y; = b,f Y to yp = bf **. Then

£ £—1 £—1 L
o __ pp . >Y4 _ P _
DV S D B Yo = By Y = By ¥ = 3 B e - Yipe = 3 Yy
i=k i=k i=k i=k
Thus,

14

— — RBP -

o = Xk: Yopr = By g+ o @19

1=

We call b** a Busemann geodesic.
We state the key properties of semi-infinite geodesics in the next theorem.

Theorem 2.4. Fix p € (1, 00) and let u = u(p) be the direction associated to p by (2-5). The following
properties hold with probability one.

(i) Directedness. For all x € 7%, limy_,» b} / k = u.
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(i) Uniqueness. Let x, = {xt}xez., be any semi-infinite geodesic that satisfies x/k — u as k — 00. Then
x, = bP,

(iii) Coalescence. Forall x,y € 72, the paths b”* and b*Y coalesce: there exists z=1z7"(x,y) € 72 such
that b** N b*Y = b**,

It is clear from the construction (2-13) that once b”* and b”*Y come together, they stay together. We
call z°™ (x, y) the coalescence point of the unique u-directed semi-infinite geodesics from x and y. The
Busemann function satisfies

B)I?,y = GZ‘J(X,)')J’ - Gzp(x,y),x a.s. (2-15)

It is important to note that parts (ii) and (iii) of Theorem 2.4 are true with probability one only for a
given u and not simultaneously for all directions.

Theorem 2.4(i) follows from an ergodic theorem for Busemann functions and the shape equation
(2-3) (see for example Theorem 4.3 in [Georgiou et al. 2017a]). Theorem 2.4(ii)—(iii) were established
for the exponential CGM in [Coupier 2011; Ferrari and Pimentel 2005]. The article [Seppéldinen
2020] gives an alternative derivation of Theorem 2.4 based on the properties of the stationary expo-
nential CGM. Versions of Theorem 2.4 for the CGM with general weights appear in [Georgiou et al.
2017a].

Remark 2.5 (competition interface). The geodesic tree emanating from x consists of all the geodesics
between x and points y € x + Zio south and west of x. The semi-infinite geodesics b”* are infinite rays
in this tree. Every geodesic to X comes through either x — e; or x — e,. This dichotomy splits the tree
into two subtrees. Between the two subtrees lies a unique path {¢; },cz., on the dual lattice (% %) +27?
that starts at ¢} =x — (3, 3). ¢} is a.s. uniquely defined as the point in x — (1, ) + Z2, that satisfies

lx —¢@r|1 =n+1 and

G-t hv—er ~ Gt hv—e 7 0> Gl —hyvmes ~ Ogpad ~hx—er
(Use the convention G, y, = —oo if x < y fails.) The competition interface has a random asymptotic
direction,
. "
lim — =u(p™(x)) almost surely, (2-16)
n—»oo n

where the limit is described in (2-5) and Lemma 2.2. This was first proved in [Ferrari and Pimentel 2005].
The limit came from the study of geodesics with Newman’s approach. Identification of the limit came
via a mapping of ¢* to a second class particle in the rarefaction fan of TASEP whose limit had been
identified in [Ferrari and Kipnis 1995]. An alternative proof that relies on the stationary LPP processes
was given in [Georgiou et al. 2017a].

2C. Queues. We begin with a standard formulation of a queue that obeys FIFO (first-in-first-out) disci-
pline. This treatment goes back to classic works of Lindley [1952] and Loynes [1962]. Modern references
that connect queues with LPP include [Glynn and Whitt 1991; Baccelli et al. 2000; Draief et al. 2005].
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The inputs are two bi-infinite sequences: the arrival process 1 = (Iy)recz and the service process
®=(wj)jez In RZO. They are assumed to satisfy

0

li _I..1) = —00. 2-17

m—1>111c>o Z(a)t it1) oo ( )
1=m

The interpretation is that /; is the time between the arrivals of customers j — 1 and j and w; is the service

time of customer j. From these inputs three outputs [ = (ik)kez, J = (J)rez and @ = (&) kez, also

elements of RZ , are constructed as follows.

>0’

Let G = (Gy)rez be any function on Z that satisfies Iy = Gy — Gy—1. Define the sequence G= (az)[ez
by

e
Gy = sup{Gk—f—Za)i}, teZ. (2-18)
k:k<t i—k

Under assumption (2-17) the supremum in (2-18) is assumed at some finite k. The interdeparture time
between customers £ — 1 and ¢ is defined by

I; =G -Gy (2-19)
and the sequence [= (ik)kel is the departure process. The sojourn time Ji of customer k is defined by
Ji=Gy—Gr, kel (2-20)

The third output,
51{:1/(/\.]](_1, ke, (2—21)

is the amount of time customer k — 1 spends as the last customer in the queue.
I, J and @ are well-defined nonnegative real sequences, and they do not depend on the choice of the
function G as long as G has increments Iy = Gy — G¢—1. The three mappings are denoted by

I=D,w), J=SU,w), and &=R(,w). (2-22)
The queueing story is good for imbuing the mathematics with meaning, but is not necessary for the sequel.
From
Gr = o+ GV G, (2-23)
follow the useful iterative equations
L=wi+Ue— )™ and  Je= o+ (o1 — 10T (2-24)

The difference of the two equations above gives a “conservation law”,
L+ Ji = Ji1 + I (2-25)
We extend the queueing operator D to mappings
D™ . (Rio)" — Rio

of multiple sequences into a single sequence. Let ¢, ¢!, ¢2, ... denote elements of [R%O. Then, as long as
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the actions below are well-defined, let
D) =D, 0)=¢,
DP ' ¢H=D(DV ("), ¢?) =D ).

(2-26)

DY % ¢H=D(DP! Y, ¢%) =D(DG', ¢D), &),

and, in general, D(”)(gl, CZ, e = D(D(’"“(;l, e, ;”_1), g“”) forn > 2.
In queueing terms, D™ (¢!, ¢2, ..., ¢") is the departure process that results from feeding arrival
process ¢! through a series of n — 1 service stations labeled i =2,3,...,n. Fori =2,3,...,n, ¢'is

the service process at station i. Departures from station i — 1 are the arrivals at station i. The final output
is the departure process from the last station whose service process is ¢”.

We record some inequalities which are to be understood coordinatewise: for example, I’ > I means
that I,é > [ forallk e Z.

Lemma 2.6. Assuming that the mappings below are well-defined, we have the following inequalities:

DI, w) > w. (2-27)
IfI' > I then D(I', w) > D(I, w). (2-28)
Forn>2, DWY, 2,03, ..., cM =D D@2 3, ..., M. (2-29)

Proof. The first part of (2-24) implies (2-27). For (2-28) observe that

k k
Jy = sup {Gj —Gk—{—Za)i} > sup {G/J —G}C+Za)i} = J;.
jrisk i Jri<k Py
Now (2-24) gives INIQ > .
Inequality (2-29) comes by induction on n. The case n = 2 is (2-27). Then, by induction and (2-28),
D(n)(é'l, o g.n) — D(D(n_l)(fl, e g.n—l)’ é.n) > D(D(”_z)(;“2, o é.n—l), g.n)
=D" V(2 .. O

We record the most basic fact about M/M/1 queues. The following notation will be used in the sequel.
Let
A=, ..., ) € (0, 00)"

be an n-tuple of positive reals. Let ¢ = ({1, e (IRZO)” with ¢/ = ({,i)kez denote an n-tuple of
nonnegative bi-infinite random sequences. Then ¢ has distribution v* if all the coordinates ;,f are mutually
independent with marginal distributions g“,i ~Exp(}; 1. In other words, ¢ is a sequence of i.i.d. mean A
exponential variables, and the sequences are independent.

Lemma 2.7. Letn > 2 and let A = (A1, ..., A,) satisfy .y > --- > A, > 0. Let ¢ have distribution v*.
Then D™ (¢, ..., ¢") has distribution v, in other words, DY (¢!, ..., ¢") is a sequence of i.i.d. mean

A1 exponential random variables.

Proof. The case n =2 is in Lemma B.2. The general case follows by induction on 7. U
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3. Joint distribution of the Busemann functions
This section contains the main results on the joint distribution of the Busemann process
B'={B”:1<p < o0}
defined in Theorem 2.1. Proofs are in Section 6. The distribution of the n-tuple

(B gy xr s BY g, D }cer=t

on a given lattice level t € Z comes through a mapping of a product of exponential distributions. This
mapping is developed next.

3A. Coupled exponential distributions. Fix n € Z-( for the moment and define the following two spaces
of n-tuples of nonnegative real sequences. The sequences themselves are denoted by 1! = (1 ]i)keZ and

= (n)kez for i € [n]:

foo|

yn={1=(11, P IMe®)":Vie[2n], lim Zlk>mlimw ol Zl’ ! } (3-1)

k=—m

Xn=:n=(n1,n2,-~,n ye(RE)" :n' ="' Vie[2,n] and lim ol 3 Z 77k>0} (3-2)
m——0o0

The existence of the Cesaro limits as m — —oo is part of the definitions. ), and A&, are Borel subsets of

(RZ ~0)" and thereby separable metric spaces in the product topology. We endow them with their Borel

o -algebras.

Define a mapping D™ : ), — X, in terms of the multiqueue mappings D®) of (2-26) as follows: for
I=" 1% ...,1") €Y,, theimage n = (n', n*, ..., n") = D" (I) is defined by

' =DOU, 1Y fori=1,...,n. (3-3)

In particular, the first sequence is just copied over: n' =1I'. Then n”> =DI>, 1"), P =D U3, 1>, 1" =
D(D(I3, I?), I"), and so on. Iterated application of Lemma A.3 from Appendix A together with the
assumption / € ), ensures that the mappings D® (I, r LT | 1) are well-defined. Furthermore, 1 € &),
follows from inequalities (2-27) and (2-29). Lemma A.3 implies also that D maps Y, into itself. We
do not need this feature in the sequel, which is why we did not define X), as a subspace of )),.

Recall:

For p = (p1, ..., pn) € (0,00)", I =(I', 1%, ..., I") has distribution v if
all coordinates I,ﬁ are independent and I,ﬁ ~ Exp(p;” l) foreachk e Z andi € [n]. (3-4)

If p satisfies 0 < p; < pp < --- < p, then v* is supported on ),. For these p define the probability
measure j” on X, as the image of v” under D:

w’ =v° o (™)~ for p=(p1, pa, ..., pn) suchthat 0 < p; < pp < -+ < pp. (3-5)
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By Lemma 2.7, if n has distribution u” with 0 < p; < p < - -+ < py, then for each i € [n], n' = (ﬂi)kez
is a sequence of i.i.d. mean p; exponential variables. The mapping D™ couples the variables 77}; together
so that ;' < n! forall i € [2,n] and k € Z.

Translations {6;}¢c7z act on n-tuples of sequences by (an)fC = 77;<+1€ fori e [n]and k, £ € Z. A
translation-ergodic probability measure Q on X, is invariant under {6,} and satisfies Q(A) € {0, 1} for
any Borel set A C A, that is invariant under {6;} (and similarly for any other sequence space).

Theorem 3.1. The probability measures u* are translation-ergodic and have the following properties:

(1) Continuity. The probability measure . is weakly continuous as a function of p on the set of vectors
that satisfy 0 < p1 < pp < --- < py.

(ii) Consistency. If (n!, ..., n") ~ p®r=r) then (nt, ..., n/=1 Tl Lo p") ~ pPLePiztoPitssn)
forall j € [n].

Continuity of p +> w” is proved in Section 6. Translation-covariance of the queueing mappings
(D61, 6;w) =0y D(I, w)) implies that ” inherits the translation-ergodicity of v”. We omit the proof of
consistency. Consistency will be an indirect consequence of the uniqueness of ©” as the translation-ergodic
invariant distribution of the so-called coupled process (Theorem 5.3).

3B. Distribution of Busemann functions. Return to the Busemann functions B® defined in Theorem 2.1.
For each level ¢ € Z define the level-t sequence of weights Y, = (Yk.n))kez and for a given p € (1, 00),
sequences of e; and e; Busemann variables at level ¢:

nPel __ P nP.€ __ pp
Bt - (B(kflyt)’(k’,))kel and Bt - (B k,zfl),(k,t))kez'

The next main result characterizes uniquely the distribution of the joint process (Y, B*) of weights and
Busemann functions.

Theorem 3.2. Let Y = (Yy) ez be i.i.d. Exp(1) variables as in Section 2A. Let 1 < py < --- < py. Then
at each level t € Z, the (n+1)-tuple of sequences (Y, BP"*', ..., B"°") has distribution pu1-P1>Pn),

Once the process {Ef;el' }1<p<oco ON a single level r — 1 is given, the variables B)I?—e,-, . at higher levels
t,t+1,t+2, ... can be deduced by drawing independent weights Y;, Y41, . .. and by applying queueing
mappings. By stationarity, the full distribution will then have been determined. The next lemma describes
the single step of computing the e; and e, Busemann increments on level ¢ from the process {Effl' H<p<oo
and independent level-r weights Y. The mappings D and S were specified in (2-22).

Lemma 3.3. There exists an event of full probability on which

B =D(B”“',Y,) and B{*® =S(B"“.Y,) forallpe(l,o0)andteZ.

t—1> t—1>

The remainder of this section describes some distributional properties of B* restricted to horizontal
edges and lines on Z2 The corresponding statements for vertical edges and lines are obtained by replacing
p with p/(p — 1). This is due to the distributional equality {B{_,, ,}ycz2 < {Bf.", 'k Jrez> Where
R(x1, x2) = (x2, x1). This follows from (2-5) and the limits (2-10), by reflecting the lattice across the

diagonal.
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BP

x—eq,x
A P - - -
o
Y. +7Z, | —0
Yx" *—0

[ "P

Figure 2. A sample path of the pure jump process {Bf_e]’x} pell,00), With initial value
B;_el’x = Y,. The jump times are a Poisson point process on (1, co) with intensity s ~'ds.
Given that there is a jump at A, the jump size is an independent Exp(1~") variable Z;.

3C. Marginal distribution on a single edge. 1.emma 2.2 implies that for a fixed horizontal edge (x—ey, x)

we can extend {Bf : 1 < p < oo} to a cadlag process

—el,X

B: ={B’ 1< p<oo)

xX—e1,Xx X—e1,X

by setting B;_ e1.x = Yx. We describe the distribution of this process in terms of a marked point process.
Figure 2 illustrates a sample path of this process.

Let N be the simple point process on the interval {s : 1 < s < oo} that has a point at s = 1 with
probability one, and on the open interval (1, co) N is a Poisson point process with parameter measure
s~'ds. (We use N to denote both the random discrete set of locations and the resulting random point
measure.) Let N be the ground process of the marked point process ),y 8¢, z,) Where the mark Z; at
location ¢ € N is Exp(t~!)-distributed and independent of the other marks. Define the nondecreasing

cadlag process X () ={X(p) : p € [1,00)} as

X(p)= Y Z; (3-6)

teNN[L,p]

namely, X (p) is the total weight of the marks in [1, p]. The Laplace transform of X (p) is given in (6-12).
Theorem 3.4. Fix x € 7. The nondecreasing cadlag processes B} _,, x and X (-) indexed by [1, c0) are
equal in distribution.

A qualitative consequence of Theorem 3.4 is that for any given A € (1, 00)\ N, p+— Bf_el’x is constant

in an interval around A. From identity (2-15), it is evident that this is due to the fact that the coalescence
point function p — z”(x — ey, x) is constant in an interval. This is an analogue of the local constancy of
the difference weight profile in Theorem 1.1 of [Basu et al. 2019]. The implications of Theorem 3.4 for
the coalescence structure of the geodesics of the CGM are explored in [Janjigian et al. 2019].

Theorem 3.4 is proved by establishing that B} has independent increments and by deducing the

—e1,X
distribution of an increment. Independent increments means that for 1 = pg < p; < --- < p,, the random

variables Y, = B B! — B”

v—ej.x> Br—e.x ey xs s B/, . — B”} _areindependent. For I <A < p < 00,

x—ey,x xX—ep,x



JOINT DISTRIBUTION OF BUSEMANN FUNCTIONS IN THE CORNER GROWTH MODEL 69

the distribution of the increment is

A
PBY ¢\ v = By o,.x =0} =P{N(1. p] =0} ==,
Joj
5 (3-7)
P{BY_¢\x — B;L—el,x > s} = (1 — ;)e_s/p for s > 0.
For the process B;_,, , on a vertical edge, the result of Theorem 3.4 is that
{Bf_ez,le <p<oo}i{X(<ﬁ>+) 01 <p<oo}. (3-8)

3D. Marginal distribution on a level of the lattice. A striking and useful property of the Busemann
process {B(/;c—l,t),(k,t)}kez along a horizontal line in 7> for a fixed value p € (1, 00) is that the variables
{B(;c—l,t),(k,t)}kez are i.i.d. (part (ii) of Theorem 2.1). For example, [Baldzs et al. 2006] used this feature
heavily to deduce the KPZ fluctuation exponents of the corner growth model. The next theorem shows that
this property breaks down totally already for the joint process {(B(}Lk—l,t),(k,t)’ B&_l,;),@,n)}kez for two
parameter values A < p. Namely, this pair process is not even a Markov chain and not reversible. However,
if we restrict attention to the differences B(’;C_l’ Nk~ B(Ak_l’ 0).(k.ry» W€ can recover the reversibility. The
differences are of interest because they indicate a jump in the coalescence point z°((k — 1, 1), (k, t)) in
(2-15) as a function of the direction.

For the statement of the theorem below, the negative part of a real number is x~ = (—x) vV 0. The
Markov chain Xy in part (a) below has a queueing interpretation as the difference between the sojourn
time of customer k — 1 and the waiting time till the arrival of customer k. The details are in the proof in
Lemma 6.5.

Theorem 3.5. Let 1 <A < p < 0.

(a) The sequence of differences {B(’;{il’t)’(k’t) — B(Akfl,t),(k,t)}kez is not a Markov chain, but there exists a
stationary reversible Markov chain { X }rez such that this distributional equality of processes holds:

P A d -
{Bi—1.0y.(k.) — Bli—1.0), (k.0 ez = { X Jrez-

In particular, the process of differences is reversible:

p A d pp A
{B(k—l,r),(k,t) - B(k—l,t),(k,t)}kel = {B(—k—l,t),(—k,t) - B(—k—l,z),(—k,z)}kel-

(b) The sequence of pairs {(Bélc—l,t),(k,t)’ B(‘;(_Lt)’(k,t))}kez is not a Markov chain. The joint distribution of
two successive pairs

A o A o
((B(k—l,t),(k,t)’ B(k—l,t),(k,t))’ (B(k,t),(k-‘r],t)’ B(k,t),(k-‘rl,t)))

is not the same as the joint distribution of its transpose

A P A P
((B(k,t),(k-i-l,l)’ B(k,t),(k-i—l,t))’ (B(k—l,t),(k,l)’ B(k—l,t),(k,t)))’

In particular, the process of pairs {(B(Ak_]’[)y(k,t), B&_l,;),@,;))}kel is not reversible.
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3E. The initial segment of the Busemann geodesic. As the last application of Theorem 3.2 we calculate
the probability distribution of the length of the initial horizontal run of a semi-infinite geodesic.

Let ay = b} —x be the first step of the B” Busemann geodesic (2-13) started at x. {ay }xezz is a random
configuration with values in {—e;, —e;}. By weight recovery (2-8), a? =—e; ifand only itBy_, —Y:=0.
Hence by Theorem 3.5(a) with A = 1, reversibility holds along a line: {ak e }keZ = {a” ke; }keZ

The first part of the theorem below gives a queueing characterization for the process {a’ e, tkez- To that

end, for the queueing mapping I = D(I, w) of (2-22) define the indicator variables
=1 A 1{customer k has to wait before entering service}. (3-9)

Let
& =inflk e Z>0 ax —key = = —e;}

denote the number of consecutive —e; steps that b*-* takes from a deterministic starting point x. Part (b)
of the theorem gives the distribution of &,. The Catalan triangle {C(n, k) : 0 < k < n} is given by

m+k)!n—-—k+1)
C(n, k)= IR . (3-10)

Information about C(n, k) is given above Lemma B.3 in Appendix B.

Theorem 3.6. Let 1 < p < 0.

(a) Let the service and arrival processes satisfy (w, 1) ~ vP) and define ny by (3-9). Then we have the
distributional equality

{Hay, = —e)lkez L Mk Ikez-

(b) Let x € 7% Then P{&, =0} =1 — p~ ' and forn € 7,

n—1 k
P{sx—n}—a—p—])ngC(n—l “W (3-11)

The distribution in (3-11) is proper; that is, Znez>0 P{&, = n} = 1. This follows for example from
Theorem 2.4(i) according to which the Busemann geodesic has direction strictly off the axes.

Remark 3.7. If we take (w, I) ~v*#) forl <A < pin Theorem 3.6 and define n; again by (3-9), we get
the distributional equality {l{B(k . t) ) = B(k L) (k. t)}}kEZ = {nr}xez. The calculation that produced
part (b) gives the distribution I]J’{Sx =0}=(p—X)/p and

,Ok)x”

P{s“—n}——Za LGy

forneZ.y,

for the random variable
A,
ErP =inflk € Z>0: BY_ i 1yer x—ke; > By (ks 1yer x—ke )

Note that B =B} tells us that )" = bA ¥ but not which step is chosen.

x—ejp,x x—ej,x
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4. Properties of queueing mappings

This section proves a property of the queueing mapping D (Lemma 4.4) on which the intertwining
property that comes in Section 5D rests. To prove Lemma 4.4 we develop a duality in the queueing setting
of Section 2C: namely, an LPP process defined in terms of weights (/, ) can be equivalently described
in terms of weights (7, @) defined by (2-22). Routine facts about the queueing mappings are collected in
Appendix A.

Fix an origin m € Z. Assume given nonnegative real weights
Iy UDizmy1,  and  (@i)izm+1- (4-1)
From these define iteratively fork=m+1,m+2, ...
Lhi=wx+ i —heD)t, Sh=or+ (o —L)T, and & =L A Ji_y. (4-2)
There is a duality or reversibility of sorts here. For a fixed k, equations (4-2) are equivalent to
L=&+ Ui —J)", Joir=a+ =TT, and  wp = I A Jg. (4-3)

We turn this reversibility into a lemma as follows. Restrict the given J, I and w weights in (4-1) to
the interval [m, n]. Then on the interval [—n, —m] define the given weights J',, (I/)_p+1<i<—m and
(a)l{)—n-i-lfif—m as

Ii/ = I,,'Jrl, JLn = Jn, and a); = C’B,lurl. (4—4)
Now apply (4-2) to these given weights to compute (7’ , Ji, wp) for k € [-n+ 1, —m]. First assume by
induction that J,é_l = J_i+1. The base case k — 1 = —n is covered by the definition in (4-4). Then
K=o+ =) =0 41+ g — Lag)*
=l A+ U — )T =Tk

The third equality above used the definition of @ in (4-2) and the conservation law
L+ Ji= D1 + I (4-5)
that follows from (4-2). Thus J; = J_ for all k € [—n, —m]. Next
=+ = It =@ g1+ Tpr — Tt
=Tt A+ g1 — J) T = Tpy1.
Finally,
Oy =LNT_ =11 A1 = k41
as follows again from (4-2). We summarize this finding as follows.

Lemma 4.1. Fix m < n. Assume given Jy,, (1;)m+1<i<n and (o;)m+1<i<n. Compute (ik, Jk, Ok)m+1<k<n
from (4-2). Then define J',,, (I))—pny1<i<—m and (&.) _pt1<i<—m by (4-4) and apply (4-2) to compute
I, Jis @) —nt1<k<—m- The conclusion is that (7/, J @) = (I—kg1, J—p, w_41) fork € [-n+1, —m].
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. 1) w; o 1) (m, 1) a0 Li @ (. 1)

o

(m, 0) (i-1,0)  G,0) (1, 0) (m, 0) (,0)

Figure 3. Illustration of the weights (/, J, ) on the left and weights (f , J, w) on the
right. Pairs (k, a) € [m, n] x [0, 1] mark vertices of the two-level strip.

Next we use the weights given in (4-1) to construct a last-passage process on the two-level strip
[m, oo x [0, 1] in Z> In this construction, I; serves as a weight on the horizontal edge ((i — 1, 0), (i, 0))
on the lower 0-level, J,, is a weight on the vertical edge ((m, 0), (m, 1)), and w; is a weight at vertex (i, 1)
on the upper 1-level. (The left diagram of Figure 3 illustrates this.) The last-passage values Hy.0),(1,a)
are defined for (n, a) € [m, oo x[0, 1] as follows:

n
Hn,0).0n.00 =0 and  Hy0),(2.0) = Z I; forn>m,
i=m+1

Hin,0y,0n.1) = I » (4-6)

n J n
Hon.0), .1 ={Jm+ a)i}v max i I; + a),-}, n>m.
oy i:%;rl mtlsj=n i;rl ;
If the given weights (4-1) come from the queueing setting of Section 2C, then Hy 0),(n,1) = én -Gy
But this connection is not needed for the present.

The next lemma gives alternative formulas for H in terms of the weights calculated in (4-2). Pictorially,
imagine I: as a weight on the edge ((i — 1, 1), (i, 1)) and @; as a weight on the vertex (i — 1, 0). (The right
diagram of Figure 3 illustrates this.) In (4-7), a sum expression of the form a; + - --+a;_ is interpreted
as zero. The equation (4-8) makes sense also for £ = n in which case the right-hand side simplifies to J,,.

Lemma 4.2. Letm <n. Then

Honoyn) =Imi1 +- -+ L+ T+ hsr 4 -+ 1, foreach k € [m, n]. (4-7)
For each £ € [m,n — 1],
J n n
i= i=j i=

We make some observations before the proof. By the two top lines of (4-6), equivalent to (4-7) are the
increment formulas (for all n > m)

In = Hon,0),00,1) = Hon,0),0-1,1) - and Sy = Hon,0,60,1) = Hom,0),01,0)- (4-9)
Taking £ = m in (4-8) gives this dual representation for H:
J n n
Hn,0),(n,1) = max { > 5#2&} V{ > C~0i+Jn}. (4-10)
i=j

m+1<j<n
=/= i=m+1 i=m+1
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Proof of Lemma 4.2. Let m < n and develop the definition (4-6). As in (2-2),

n—1 j n—1 n
S I Eay s N M B

i=m+1 i=m+1 i=j i=m+1
= Hn,0),(—1,1) VY H(m,0),(n,0) + @n.

Set temporarily
An = Hon,0),001) = Hon,0),a-1,1) - and By = Hn,0),(n,1) =~ Hm,0),02,0)-
Then (4-11) gives the iterative equations
Ap=w,+ Uy —B,-)" and By =w, 4+ (Buo1 — I)".

Definition (4-6) gives B,,;, = J,;,. This starts an induction. Apply the equations above together with (4-2)
to obtain A, = fn and B, = J, for all n > m + 1. This establishes (4-9), and (4-7) follows.

We prove (4-8) by induction as £ decreases. The base case £ = n comes from the just proved B, = J,.
Assume (4-8) for £ + 1. Then for ¢ the right-hand side of (4-8) equals

n

J n n
et 3T max {3 5 i ] 3 aeea )

i=t+1 i=0+2 i=j i=+2
= Hon,0).(¢+1.0NHim,0).6.1) = Hon,0).¢.0H Hom,0).00.0) = Hom, 01,60 P { Hon 0y, 0.1 = Hom 00, 01,0}
= Hin,0),00,1) = Hm,0),0,0)-
In the first equality we used @y = Ip41 A J¢, (4-9) and the induction assumption. ]
The last line of (4-6) and formula (4-10) give dual representations of the quantity H, 0),(,1)- The

next lemma shows that equality persists if we drop the terms that involve J from both formulas. This
statement is the crucial ingredient of Lemma 4.4 below.

Lemma 4.3. Let m < n in Z. Assume given nonnegative weights Jy,_1, (Ii)m<i<n and (o;)m<i<n.
Compute (I, Jy, Ok )m<k<n from (4-2). Define

J
mn:max{Zl—i—Zw,} and Tmnzmax{Zc~0 Z~} (4-12)

m<J<n m<J<n
=J

Then T, , = Tm,n
Proof. The case m = n is the identity I, + w, = @, + in that follows from (4-2).
Let n > m + 1 and assume by induction that fm’n,l < Tin.n—1. Develop the definitions.
n

Tpn= max {Zl +Zw,} {Z '}+wn:Tm,n—lv{Zli}+wn- (4-13)

m<j<n—1 “
i=m i=m
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Similarly,

n

n
Tm,n = Tm,n—l v { Zat} + in = Tm,n—l Vv { Z(lt AN Ji—l)} + w, + (In - Jn—l)+
i=m i=m

(4-14)

n

=< Tm,nfl \2 { Z Ii} +w, + (In - Jn71)+-

i=m
The induction assumption was used in the last step.

Case 1: [, < J,_;. This assumption kills the last term of (4-14) and gives

n

:fm,n =< Tm,n—l \% { Z Ii} +w, = Tm,n-

i=m
Case 2: I, > J,_1. For this case induction is not needed. We use the last-passage process H,—1,0),(-,)-
Conservation law (4-5) and (4-9) imply
L > Juot &= I > Jy <= Hu-1,0),0-1,1) < Hon—1,0),(n,0)-
Then by (4-11),
n
Him-1,0).00.1) = Hm—-1,0),(n,0) + @n = Z li +wn < Ty
i=m

On the other hand, by definition (4-6),

n
Hin-1,0,(n,1) = {Jm—l + sz} V T
i=m

Hence Hyu—1.0),(n,1) = Tim.n. By the dual formula (4-10),

n
H(m—l,O),(n,l) = Tm,n \% { Zat + Jn} = Tm,n-

i=m
We conclude that in Case 2, Tm,n <Tmn-

‘We have shown that Tm,n < Tyn.n- This suffices for the proof by the duality in Lemma 4.1 because the
roles of T, , and fm,n can be switched around. ]

The next lemma is the key property of the queueing mapping D that underlies our results. Its proof
relies on Lemma 4.3. Lemma 4.3 applies to the queueing setting described in Section 2C because
equations (2-21) and (2-24) ensure that the assumptions of Lemma 4.3 are satisfied.

z

Lemma 4.4. Assume given three sequences 1>, 1', »' € RZ, such that the queueing operations below

are well-defined. Let w?* =R, ®") as defined in (2-21). Then we have the identity

D(D(I*,0*), D(I', ")) = D(DUI* 1", »'). (4-15)
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Proof. Choose G! and G? so that I} = G}, — G!_, fort =1, 2. Let
H; = sup iG2+Zl }
L:l<j i—t
and then

J k
Hy = sup {H +Z }— SUP{G +J§g}§k[zl,-‘+2w3] } (4-16)

Jij<k i=t i=j

The sequence (ﬁk — Hk—l)kel is the output D(D(I%, 1Y), o).
For the left-hand side of (4-15) define first for D(I’, ') the sequence

Eif:sup{GﬁZ } refl,2).

C:e<j

Set I~k1 = 5% — 5,1_1. The output D(D(I%, v?), D(I', »")) is given by the increments of the sequence

j k
2 2 2 1
Hk_ sup {G + E }_ sup {G +J?1<%X<k[,gewi+é,lii|}' 4-17)
i= i=j

jij<k —j U<k

The rightmost members of lines (4-16) and (4-17) are equal because the innermost maxima over the
quantities in square brackets [- - - ] agree, by Lemma 4.3. We have shown that H=H and thereby proved
the lemma. U

We extend Lemma 4.4 inductively.

Lemma 4.5. Let n > 2 and assume given n + 1 sequences INVI2 . 1Mol e [RRZO such that all the
queueing operations below are well-defined. Define iteratively

o =R ™Y forj=2,...,n (4-18)
Then we have these identities for 1 <k <n —1:
DY T ol =
p*D(p=kbpn oM DU, 0Y), ., DU, 0Y)). (4-19)
Proof. The case n =2 is Lemma 4.4.
Let n > 3 and assume that the claim of the lemma holds when 7 is replaced by n — 1, for 1 <k <n —2.

We prove the claim for n.
First the case k = 1, beginning with the right-hand side of (4-19):

D@ (D™, ..., I*,0*), DU, 0") = D(D[D" V(" ..., I?),0*], DU, »"))
=D(D[D" D", ..., 15, 1'],0")
=D(D™WI",.... 1Y, 0")=D" V" .. 1" W),
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The first and last two equalities above are from definition (2-26) of D™, and the middle equality is
Lemma 4.4.
Now let 2 < k < n — 1. The first equality below is definition (2-26) for D**D. The second equality is
the induction assumption:
D(k+1)(D(n_k+1)(1n, o Ik+l, C()k+l), D(Ik, Cl)k), o D(Il, Cl)l))
=D(DP[D" D, I O, DUF, oM, .., DUI?, 0M)], DU, oY)
=D(D™[I", ..., I?,0*], DU", »")).
The last line above is the same as the left-hand side of the previous display. The calculation is completed
as was done there. O

In particular, for k =n — 1, (4-19) gives

D, .. 1 0 =D (DU", "), ..., DU, »h)) (4-20)
and fork =1,
DV, 1N oYy =D(D™[I, ... I%,0*], DU, ")) (4-21)
5. Multiclass processes
The distribution (712 of the (n + 1)-tuple (Y; , B/, ..., B?"“") given in Theorem 3.2 is deduced

through studying two multiclass LPP processes. Fix a positive integer n, the number of levels or classes.
We define two discrete-time Markov processes on n-tuples of sequences, the multiline process and the
coupled process. Their state space is

0
1 .
A,,:{1:(1‘,12,...,1”)6(RZO)":Vie[n], lim ] §:1,g>1}. (5-1)
= m——00 |m
k=—m

At each step their evolution is driven by an independent sequence of i.i.d. exponential weights, so assume
that

o = (wp)kez 18 a sequence of i.i.d. variables wy; ~ Exp(1). (5-2)

SA. Multiline process. At time t € Z>, the state of the multiline process is denoted by
1) =U'@), ..., I"(1) € Ay.

The one-step evolution from time ¢ to ¢ 4 1 is defined as follows in terms of the mappings (2-22). Given
the time ¢ configuration I (t) =1 = (I', I%, ..., I") in the space A, and independent driving weights w,
define the time ¢ 4+ 1 configuration I (¢ + 1) = I=Y 1% ..., 1" iteratively as follows:

setw' =wand I' = D(Il, a)l);

fori =2,3,...,n:

setw =R, 0 Yand I' = D(I', o). (5-3)
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Thus the driving sequence o acts on the first line /! directly, and is then transformed at each stage before
it is passed to the next line. Lemma A.3 guarantees that, for almost every w from (5-2), the Cesaro limit
lim,, s —oolm| ™" 3 0_, i =1 holds for each i € [n] and the new state I lies in A,.

Theorem 5.1. Assume (5-2). Then for each p = (py, ..., pp) € (1, 00)", the product measure v° defined
in (3-4) is invariant for the multiline process (I(t))icz.,-

Theorem 5.1 follows from Lemma B.2 in Appendix B: induction on k shows that IV, ... 1%, oL

Ik I are independent with [T ~vPi, oftl~pl 17 ~pPi. We do not have proof that v* is the unique
translation-ergodic stationary distribution with mean vector p, but have no reason to doubt this either.

5B. Coupled process. Attime t € Z>, the state of the coupled process is denoted by
N =0'@,....n" 1) € A,

where again n' (t) = (nfc (t))kez- The evolution is simple: the queueing operator D acts on each sequence
n' with service times w:

n(t+1) = (D' (1), ), D(n*(t), @), ..., D" (1), »)). (5-4)

We call 5(¢) the coupled process because it lives also on the smaller state space X, N A, (recall (3-2))
where the sequences 7' are coupled so that ' ~! < n’. This is the case relevant for the Busemann processes
because the latter are monotone (recall (2-6)). Inequality (2-28) and Lemma A.1 ensure that the Markovian
evolution 7(-) is well-defined on X, N A,. However, since the mapping (5-4) is well-defined for more
general states, we consider it on the larger state space A4, of (5-1).

To state an invariance and uniqueness theorem for all parameter vectors p € (1, 00)"” we extend u”
of (3-5), by ordering p and by requiring that n' = n'*!
mapping D™ in (3-5) cannot be applied if some p; = p;;1. For if I and w are both i.i.d. Exp(p~")

if p; = p;i+1. This is necessary because the

sequences, then G in (2-18) is identically infinite because it equals a random constant plus the supremum
of a symmetric random walk.

Definition 5.2. Let p = (p1, p2, ..., pn) € (0, 00)". The probability measure ©” on the space (Rio)" is
defined as follows.

(1) If0 < p; < p2 <--- < p, then apply (3-5).

(1) f0< p; <pr<---<p,,there exist m € [n], a vector ¢ = (01, ..., 0,) suchthat 0 <o) < - - < gy,
andindices 1 =iy <ip <--- <iy <ipy1=n+1suchthatp;, =---=p; _1=o0pforl=1,...,m. Let
I~v°, ¢ =D (I),andthendefinen=(n',...,n")eX, byn't=-..=pn=¢lfort=1,...,m.
Define u” to be the distribution of 7.

(iii) For general p = (p1, ..., pn) € (0, 00)", choose a permutation  such that wp = (o1, .. . Pr(@))
satisfies pr(1) < pr2) < -+ < prm). Let m act on weight configurations 1 = m',...,n") by mn =
™D, ..., n"™). Define u” = u™ om~!, or more explicitly

EM[f1=E""[f@n)]=E*"" '[f]

for bounded Borel functions f on (Rgo)”, where the measure 1 is the one defined in step (ii).
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If there is more than one ordering permutation in step (iii), there are identical sequences whose ordering
among themselves is immaterial. If p € (1, 0co0)" then w” is supported on the space A,, of (5-1). The next
existence and uniqueness theorem is proved in Section 5D.

Theorem 5.3. Assume (5-2).

(i) Invariance. Let p = (p1, 02, ..., pn) € (1, 00)" Then the probability measure u” of Definition 5.2 is
invariant for the Markov chain (1()):cz., defined by (5-4).

(ii) Uniqueness. Let i be a translation-ergodic probability measure on A, under which coordinates n};
have finite means p; = Eﬁ[n};] > 1. If i is invariant for the process n(t), then it = u” for p =
(P15 pn) € (1, 00)"

5C. Stationary multiclass LPP on the upper half-plane. We reformulate the coupled process as a
multiclass CGM on the upper half-plane. Fix the number n of classes. Assume given i.i.d. Exp(1)
random weights {wy },c7x7_,, and an initial configuration 7(0) = (n'(0), ..., n"(0)) € A, independent
of w. Define a vector of LPP processes G, = (G;, ..., GY) for x € Z x 7> as follows. First choose
initial functions {Gék,O)}kGZ with the property n,i(O) = G’ék’o) — Gl&kq,oy Then for (k,t) € Z x Z~¢ define

Gik,z) = 'Sl}gk{Gl&j70) +Gn.knts (5-5)
Jrl=

where G is the usual LPP process of (2-1) with weights Y, (w) = w,. Then lastly define the process
n@) = m'@), ..., n"@¢)) for t € Z- as the increments

() =Gl —Gly_y, forie[nlandkeZ. (5-6)

Theorem 5.4. Let p = (p1, p2, ..., pu) € (1,00)". Then u” of Definition 5.2 is an invariant measure
of the increment process 1(-) defined above by (5-6) in the multiclass exponential corner growth model.
Measure u” is the unique invariant measure for n(-) among translation-ergodic probability measures on
A, with means given by p.

This follows from Theorem 5.3 simply by noting that (5-6) can be reformulated inductively as
n(6)= (D't —1).@), Dt = 1), @),.... D"t = 1), @), 1€Z, (5-7)
where @; = {w.1) }kez 1s the sequence of weights on level 7.
5D. Invariant distribution for the coupled process. This section proves Theorem 5.3. We separate the
invariance of u” and the uniqueness in Theorems 5.5 and 5.6 below. Their combination establishes

Theorem 5.3. The proof of the next theorem shows how the invariance of u” for n(¢) follows from the
invariance of v” for I(¢) and the fact that the mapping D intertwines the evolutions of I (¢) and 7(z).

Theorem 5.5. Let p = (p1, p2, ..., pn) € (1, 00)" Then 1P of Definition 5.2 is an invariant distribution
for the (Rgo)"—valued Markov chain n(t) defined by (5-4).

Proof. The general claim follows from the case 1 < p; < py < --- < p, because permuting the {n'} or
setting n' = 1/ produces the exact same change in the image of the mapping in (5-4).
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Soassume 1 < p; < p2 <--- < p,. Given a driving sequence w, denote by S and 7 the mappings on
the state spaces that encode a single temporal evolution step of the processes / (-) and n(-). In other words,
the mapping from time ¢ to 41 defined by (5-3) for the multiline process is encoded as I (t4+1) =S“ (I (¢)).
For the coupled process the step in (5-4) is encoded as n(t +1) =T (n(t)). Let D = D™ denote the
mapping (3-3) that constructs the coupled configuration from the multiline configuration. Let Dy, S}’
and 7, denote the k-th Rzo—valued coordinates of the images of these mappings.

Let 7 ~ v” be a multiline configuration with product exponential distribution v°. We need to show
that if n has the distribution u” of D(I), then so does 7“(n) when w is an independent sequence of i.i.d.
Exp(1) weights. For the argument we can assume that n = D(I). As before let ' = w and iteratively
o/ =R, w/~") for j =2,3, ..., n. The fourth equality below is (4-20). The other equalities are
consequences of definitions:

T = D', w)=D(DPU*, ... 1Y, ") =D*VAE, T o)
“Z0 p® (D, o), DA, *Y, L, DU, "))
= DO(S(D), Sp_ (D), ..., SP(D) = Di(S° (D).

Since the above works for all coordinates k € [n], we have T*(n) = D(S®(I)). Since n =D(I), we have
verified the intertwining

T(D)) =D(S*(1)). (5-8)
By Theorem 5.1, S (1) L~ Consequently 7%(n) 4 D) ~ u”. [l

Theorem 5.6. Assume (5-2). Let [i be a translation-ergodic probability measure on X, under which each
coordinate n}; has a finite mean. If [t is invariant for the coupled process n(t), then L = u” for the mean
vector p of Ji.

We prove Theorem 5.6 following [Chang 1994], by showing that the evolution contracts the p distance
between stationary and ergodic sequences. Let n = (nx)rez and & = (&;)xez be stationary processes taking
values in R . Their p distance is defined by

o(n,&)= inf E[|Xo—Yol1l, 5-9
P, &) (X%GM [1Xo— Yol1] (5-9)

where M is the set of jointly defined stationary sequences (X, Y) = (X, Yi)rez such that X 4 n and
y < &, E is the expectation on the probability space on which the coupling (X, Y) is defined, and ||, is
the ¢! distance on RZ,.

From [Gray 2009: Theorem 9.2], we know that (i) p induces a metric on the space of translation-
invariant distributions and (ii) if n and & are both ergodic, there exists a jointly stationary and ergodic pair
(X, Y) at which the infimum in (5-9) is attained.

The following is a straightforward generalization of Theorem 2.4 of [Chang 1994] to R ,-valued sta-
tionary and ergodic sequences n = (', ..., n") and £ = (§', ..., &") where n = (n]i)kel an&fi = (f/i)kez
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are random elements of [R{ZO. Let

=G ..., 7" =(Dn", ®),....DO", »))

and similarly E = ('51, s E") denote the outcome of applying the queueing map D(-, ) to each
sequence-valued coordinate.

Proposition 5.7. Let  satisfy (5-2). Let the RY-valued stationary and ergodic processes n and § be
independent of w and have finite means that satisfy [E[n,i] = [E[é,f] =A; > 1l fori e[n]landk € Z. Then

P, §) < p(n, £). (5-10)
If n and & have different distributions the inequality in (5-10) is strict.

Before the proof we complete the proof of Theorem 5.6. Let p = E¥[n,] be the mean vector of fi. Let
n ~ wf and & ~ [i. By the known invariance of x” and the assumed invariance of i, 77 < n and & < £.
Hence p(7, ’5) = p(n, &). The last statement of Proposition 5.7 forces &t = u”.
Proof of Proposition 5.7. Let (X, Y) = (X', ..., X"), (Y',..., Y")) be an arbitrary R¥!-valued jointly
stationary and ergodic process with marginals X < n and Y < &, independent of the 7weights w, with
(X, Y, w) coupled together under a probability measure P with expectation E. As above, write X =
()?,i)kez = D(X!, w) and Yi = (?,f)kez = D(Y', w) for the action of the queueing operator on the
individual sequences X = (X /i)kez and Y/ = (Y, ,é)kez. Inequality (5-10) follows from showing

E[|Xo — Yol11 < E[|Xo — Yol11. (5-11)

Define the process Z by Zi = X} v Y/. Then

n n
1 Xo—Yoli =Y _|Xh—Yi| =) 2z} - X|-Y)). (5-12)
i=1 i=1
Let Zi = D(Z', w). Then Z' > X' v ¥’ by monotonicity (2-28). Hence
n n n
1Xo—Yoli =Y IXo—¥il=) (2XGv¥)—Xi—Y) <> 2Z)— X — ¥)). (5-13)
i=1 i=1 i=1
The triple (X, Y, w) is jointly stationary and ergodic because w is an i.i.d. process independent of
the ergodic process (X, Y). Consequently, as translation-respecting mappings of ergodic processes,
both (X, Y, Z, w) and (? Y, 2) are jointly stationary and ergodic. The queueing stability condition
E(X}) > E(wo) implies E(X))) = E(X})), and by the same token E(Y}) = E(Y}) and E(Z}) = E(Z}).
This goes back to Loynes [1962] and follows also from Lemma A.3 in Appendix A. Taking expectations
on both sides of (5-12) and (5-13) gives (5-11).
For the strict inequality assume that  and ¢ are not equal in distribution and let (X, Y) be a jointly
ergodic pair that gives the minimum in (5-9). To deduce the strict inequality

> EIX)vYi <) E(Z. (5-14)

i=1 i=1
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we can tap directly into the proof of part (ii) of Theorem 2.4 in [Chang 1994], once we show that X’
and Y’ must cross for some i € [n]. X’ and Y’ cross if with probability one there exist k, £ € Z such that
X, > Y} and X} < Y[.
Suppose X' and Y’ do not cross. Then P({X' > YYU{X' < Y'}) = 1. We show that this implies
X' =Y as. This gives us the contradiction needed, since X' = Y for all i € [1] implies that < £.
To show X' =Y’ a.s., write {X' =Y/} = AT UA™ as. for

AT ={X">Y"and X} > Y| for some k € Z},
A”={X" <Y"and X} < Y] for some k € Z)}.

AT is a shift-invariant event. By the joint ergodicity of (X, Y) and E (X 6 — Yé) =0,

. 1 i i
0=l lim oo D7 (X =Y

—n<k<n

= lim

n—o0 2n + 1 Z (Xlic_Yli)'IG_kA+=E[(X6—Yé).1A+] as.

—n<k<n

Thus X, = Y} a.s. on AT. By the shift-invariance of AT, X} =Y/ a.s.on A" for all k € Z. But then it
must be that P(A™) = 0. Similarly P(A~) =0.

To summarize, we have shown that some X' and Y? must cross. Following the proof on page 1131-1132
of [Chang 1994] gives the strict inequality (5-14). The connection between the notation of [Chang 1994]
and ours is S¢ = w, (T\,_;, T ) = (XL, X)) and (T2,_,. T2,_)) = (Y], Y)). O

6. Proofs of the results for Busemann functions

We prove the theorems of Section 3 in the order in which they were stated.

6A. Continuity of n° and distribution of the Busemann process.

Proof of the continuity claim of Theorem 3.1. Fix p = (p1, ..., py) such that 0 < p; < --- < p,. Let
{,oh}hez>0 be a sequence of parameter vectors such that ot = (p{‘, e, ,o,i’) — (p1,..., pn) as h — oo.
We construct variables 1 ~ /M’h and n ~ u” such that n" — 7 coordinatewise almost surely.

Let I =(I',...,I") ~v” and define I,f’i = (,ol.h/,oi)lli. Then I" = (1", ..., I"") ~ v#" and we have
the pointwise limits I,ﬁ’ N I,ﬁ foralli € [n] and k € Z as h — oo. Furthermore, the assumption in (A-2)
holds:

0
_ 1 .
lim |— E - pi | =0 almost surely for all i € [n]. (6-1)
m——oo | |m| J
j=m

h— o0

Let n" = D™ (1) and n = D" (I). Apply Lemma A.2 repeatedly to show that " — 5 coordinatewise
almost surely:

(1) ! = 1"1 — I' = p! needs no proof.
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(2) Lemma A.2 gives the limit 2 =DUM?, 1" — D(I?, I') = n? and that D(I"2, I™1) satisfies the
hypotheses of the lemma.

(3) For n"3 = DO ("3 h2 1y = D(DUI"3, 1"2), I'"1), by case (2), D(I"-3, I'"?) satisfies the
hypotheses of Lemma A.2. Then Lemma A.2 gives D(DI"3, %), "V — D(D(I3, I?), I') and that
DX (13, 172 ["1) satisfies the hypotheses of Lemma A.2.

(4) Proceed by induction. From the case of i — 1 sequences, DU=bphi phi=t Ih’z) satisfies the
hypotheses of Lemma A.2. Apply the Lemma to conclude that the mapping for i sequences obeys the
limit

gl = DO 2 el — ppUD (i it g2y gy
and also satisfies the assumptions of Lemma A.2. This is then passed on to be used for the case of i + 1
sequences.
This completes the proof of " — 7. O

Proof of Theorem 3.2. Introduce an (n+1)-st parameter value pg € (1, p1). By Lemma 2.3, the [R?’;gl—valued
Z-indexed process

DP0s-s Pn.€1 __ L0 P1 Pn
Bl - {(B(kfl,t),(k,t)’ B(kfl,t),(k,t)’ o B(kfl,t),(k,zf))}kEZ (6'2)

.....

is stationary and ergodic under translation of the k-index and furthermore B/ "' has the same

distribution as the sequence B/”;""“' on the previous level # — 1. Lemma 3.3 gives B/
D(B ;" Y,). By the uniqueness given in Theorem 5.3, the distribution of B/***"**' must be the
invariant distribution g (#0--2n).
Let pgp \( 1. By Lemma 2.2, almost surely,
s DPOPLs s Pns€1 P1 Pn
Plolgll Bt - {(Y(k,t)’ B(k—l,t),(k,t)’ ceey B(k—l,t),(k,l))}kez’
while Theorem 3.1 gives the weak convergence pu(?0:P1Pn) — 1 (LP1sn) a5 oo N\ 1. O

The proof of Lemma 3.3 below relies on the iterative equations (2-24). Since these equations can
have solutions other than the one coming from the queuing mapping, additional conditions are needed as
specified in Lemma A.4 in Appendix A.

Proof of Lemma 3.3. We show that there is an event 2 of full probability on which the assumptions
of Lemma A.4 hold for the sequences (I,7,1, ) = (B!, BP?, Efj‘,?,) simultaneously for all
uncountably many p € (1, 00) and ¢t € Z.

Assumption (A-14) requires

0
li Yoer — B = —co forallteZ.
m_lﬁloo;< k) = Big -1y @r1,0-1y) = —00  fora

=m

This holds almost surely simultaneously for all p in a dense countable subset of (1, co). By the mono-
tonicity (2-6) this extends to all p € (1, co) on a single event of full probability.
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Utilizing the recovery property (2-8) and additivity (2-7),

p p +
Yy + By 1) 0ei—1) ~ Ba—1.0-1). k1.0

_ pP o o 0 +
= B(k—l,t),(k,t) A B(k,t—l),(k,t) + (B(k—],t),(k,t) - B(k,z—l),(k,z))

P
B(k—l,t),(k,t)

and
p P +
Y+ (B(k—l,t—l),(k—l,t) - B(k—l,t—l),(k,t—l))

_pP p P P +
- B(kfl,t),(k,t) N B(k,tfl),(k,t) + (B(k,tfl),(k,t) - B(kfl,t),(k,t))
— BP
= Plr—1), k1)
These equations are valid for all p and all (k, ¢) on a single event of full probability because this is true
of properties (2-8) and (2-7). Assumption (A-15) has been verified.

Lemma A.5 implies that with probability one, for all p in a dense countable subset of (1, 00), Y., =
B(‘;ﬁ —1).(k.1) for infinitely many £ < 0. Monotonicity (2-6) and recovery (2-8) extend this property to all

p € (1, 00) on the same event. O

6B. Triangular arrays and independent increments. To extract further properties of the distribution u?,
we develop an alternative representation for n = D" (I) of (3-3). Assume given I = (I',..., I") € ),.
Define arrays N/ :1<j<i<n}and (% :1 < j <i <n} of elements of R‘go as follows. The &
variables are passed from one i level to the next.

(i) Fori =1,setpb! =11 =¢blL

(i) Fori =2,3,...,n,

ni,l — Ii,

)’)i’j:D(T]i’j_l,éi_l’j_l) forj:2,3,...,i, (6 3)
g1 = Ry g1y for j=2,3,....1,

ghi = i

Step i takes inputs from two sources: from the outside it takes I’, and from step i — 1 it takes the
configuration &~ 1+ = (g=11 gi=12  gi=Li=2 gi-Li=l _ pi-Li-1y,

Lemma A.3 ensures that the arrays are well-defined for I € )),. The inputs [ L ..., I" enter the
algorithm one by one in order. If the process is stopped after the step i = m is completed for some m < n,
it produces the arrays for (I', ..., I"™) € Y.

The arrays are illustrated in Figure 4. The following properties of the arrays come from Lemmas 6.1
and 6.2 and their proofs.

(i) The input of the D" -mapping lies on the left edge of the n-array: (n!, ..., p*H =", ..., I").
The output of the D" -mapping lies on the right-hand diagonal edges of both arrays:

@ttty = €L e gt = DA LT~ e e ),
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nl,l Sl,l
2,1 2,2 2,1 £2,2
noton” £ &%
n3,1 n3,2 )73,3 53,1 %—3,2 53,3
nn,l nn,Z nn,3 . 77n,n En,l én,Z gn,3 . Enn

Figure 4. Arrays Mi:1<j<i<n}and [ :1<j<i<n)

(ii) The j-th column (y/-/, ni*1J . . n™J) of the n-array has the product distribution v P+t Pn)
It is obtained from the (j—1)-st column (n/-/ =1, p/+1i=1  y"i=1) by the mapping (5-3) with
n/=1Ji=1 = gJ=1J=1 a5 the external driving weights.

(ili) Row (41, g5, ... EM7) of the &-array has the product distribution v(P1- P2+ £i)
Lemma 6.1. Let [ = (I',...,I") € Y,. Let (j',....,57") = DWW U, ..., I") be given by the map-
ping (3-3). Let {n"/} be the array defined above. Then 7' =n"' fori =1, ..., n.

Proof. 1t suffices to prove " = n™" because the same proof applies to all i. The construction of

the array can be reimagined as follows. Start with (nl’l, nz’l, R n”’l) ="', 1%,...,I"). Then for
£=2,3,...,n—1 iterate the following step that maps the (n — £ 4 2)-vector
(nn,l—l 77n—l,f—l nu—l ne—l,z—l)

to the (n — £ + 1)-vector

A —1,¢ +1,0 0.0
(AR S A/ M|

:(D(nn,[—l Sn—],f—l) D(nn—l,[—l Sn—z,[—l) o D(nf-i-l,[—l SE,Z—I) D(n[,f—l nf—],f—l)).
The &-variables above satisfy

E(,(—l — R(nﬁ,é—l’ Se—l,@—l) — R(ng,f—l’ nﬁ—l,ﬁ—l)
S€+1,€—1 — R(n€+1,€—1 é[,[—l)

g__nfl,efl — R(nnfl,ﬁfl’ €n72,€71)‘
Thus (4-20) implies that

n yeees ] , N

)

—L0+2 L—1 —1,4—1 0,0—1 —1,0—1\ __ —0+1 N —1,¢ +1,0
DR (et gy )= DD gty ntthe

9. (6-4)
In the derivation below, use the first line of (6-3) to replace each I’ with n>1. Then iterate (6-4) from
{=2to{=n—1to obtain
qr=pan P P 1Y =DM et gt et gt
— D(n—l) (nn,Z’ nn—l,Z’ o 773,2’ n2,2)
e D(3)(nn,n—2, nn—l,n—Z’ nn—Z,n—Z) — D(nn,n—l, nn—l,n—l) — nn,n. N
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The next two lemmas describe the distributions of the arrays.

Lemma 6.2. Fix0 < p; < --- < p, and let the multiline configuration I = (I',...,I") have distribution
vPrepn) Let {0/} < j<j<n and (€9 }1 < j<i<n be the arrays defined above. Then for each 1 <i, j <n, con-
figuration (n/>7, ni*17 . n™7) has distribution v#i- Piv1- P and configuration (€5, 02 ED)
has distribution v\ P2 P In particular, each n'J has distribution v* and each £/ has distribution v?i.

Proof. First we prove the claim for (n//, n/*hJ/ .. n™J/). Recall that by definition £// = n/+/.
For j = 1, the definitions give gV = 771’1, 772’1, el n”’l) = 1%, ..., 1) ~ v P Pr)
Let j € [2, n]. Assume inductively that

(€101 = =it =l ity it P o),
The mapping from (/=1 ... .y~ to (n//, ..., n™7) is the mapping (5-3) of the multiline process,
with £/=17=1 a5 the external driving weights w. Namely, this mapping is carried out by iterating

itk = p(pithi=l gitk=lj-1y gIHk=l — Rpithi=l gitk=Lj-1)
fork=0,1,...,n—j. Then (nj’j, nj+1’j, el n”’j) ~ p(Pi-Pj+1:- Pn) follows from the invariance in
Theorem 5.1.

Next the proof for (£°!, &2, ... &%), The claim is immediate for i = 1 because there is just one
sequence n'!' =T1'=¢g11 ~vP1, Leti €2, n] and assume inductively that (£/=1-1, /=12 gi=lLi=ly~
p(Pt. P2 Pi-1) By construction, n”»! = I' ~ v? is independent of £, and hence

(ni,l Ei—l,] %-i—l,z . Si—],i—l) ~ v(p;,/h,pz ..... pi—l).
Now we transform the sequence above by repeated application of the mapping ("¢, £/~ 1.6) > (£0:¢, ity
defined by (6-3):
nl,€+1 — D(nl,f’ Sl*l,ﬂ)’
gt — R(pit, £171Y
for ¢ =1,...,i — 1. The pair to be transformed next slides successively to the right. The succession of

sequences produced by this process is displayed below, beginning with the first one from above. The pair
to which the mapping is applied next is enclosed in the box. The distribution follows from Lemma B.2:

1 j— i—1,2 i—1,3 i—1,i—1 iy Pls P2y P3seees Pie
( nz,l’sz 1,1 ’sl vfl N sl i ) ~ U(,Oz O15 025 P3500e Pi—1)

(si,l’ ni,z’si—l,z ) fi_l’3,..., Ei—l,i—l) ~ v(PI,Pi,PLP%---ypi—])

(51,1’“.’51,2—1, ni,é’éi—l,é , Et—l,f—i-l’.“’ 51—1,1—1) ~ PPl Pe1, Pis POy Pet1 s Pi—1)

(%.i,lﬂ.”’ ‘g’_-i,i—l’ ni,i) ~ P11 i)

To complete the induction from i — 1 to i, set £ = pi*\, [l
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Remark 6.3 (notation). To keep track of the inputs when processes are constructed by queueing mappings
(2-22), superscripts indicate the arrival and service processes used in the construction. This works as
follows when the arrival process is I and the service process is w:

« G! denotes a function that satisfies Iy = G,{ — G1€,1-

« G1@ s the process defined by (2-18) whose increments are the output INkI e 52 @ ék 1> and so
I =D, w).

« J1@ = §(I, ) is the process defined by (2-20) as J," = 5,{” —Gl.
e o9 =R, w).

Lemma 6.4. Fix0 < p; < --- < p, and let the multiline configuration I = (I',...,I") have distribution
p®i) Letn = (n', ..., n") =D () and let {n"7} and {E"7} be the arrays constructed above. Then
foreachm € [2, n]| and k € Z, the following random variables are independent:

)1 2 1 — — —
{glm }ifkv {Slm }ifk’--"{gmm }l<k’ {77, }l<k 1s nk _U/r(n 1’ 7712'1 1_7721 2»---,771%_ﬂ]£a 77]1
Proof. Index £ is fixed throughout the proof. We begin with the case m = 2.
By the definitions, 171 =1

52,1 _ R(T,Z,l,gl,l) _ R(Iz, 11) =612’11 and 772 _ D(Iz, 11) _ INIZ,I'.

Hence 521 = I2 A J and 77,% — n,i = (I2 — Jklz’lll)+ By Lemma B.2(a), {i12’11}1<k 1s Jklz’lll,
~I2 ]!

{a) }L<k 1 Ikz, I 1 are 1ndependent To be precise, Lemma B. 2(a) gives the independence of

},<k 1, {I }l<k 1, and Jk 1 . These are functions of {I? },<k 1, and thereby independent

i

of I kz’ 1 kl Properties of independent exponentials (Lemma B.1(i)) imply that
.Skz’l =1 kz A Jkli’ll " and 17,% — 17,1 = (Ik2 — Jklill 1 )™ are mutually independent. (6-5)
Altogether we have that {%‘,-2’1},-51(, {U,-z}ifk—l’ 77,% — n,i, 77,1 are independent.

Let m > 3 and make an induction assumption:

-1,1 —1,m=2 - - - .
E T iz ET e " ik T = . g — ng. mi are independent. (6-6)

The previous paragraph verified this assumption for m = 3.
Since ™! = I'" is independent of all the variables in (6-6), apply Lemma B.2(a) to the pair & ml —
R(p™!, gm=Lly ym2 = p(y™!, gm~11) to conclude the independence of

,1 ,2 —1,2 —1,m-2
{glm }ifk, {77,m }i<ka {g'm }i<ka a{glm " }ifk’

B (6-7)
N, 0 = g — e, m
This starts an induction on j =2, 3, ..., m — 1, whose induction assumption is the independence of
1 =1 1,j —1,m=2
{fim }isk,—u {-’E'm, }z<k {77, J}z<k {Sm }z<k,~~,{§,-m " }igk,
m—1 m—2 (6_8)

1
iz =0T g — g g
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The induction step is the application of Lemma B.2(a) to the pair £&™/ = R(y™/, gm~1J), pmit! =
D(n™7, €™~ 1J) to conclude the independence of

L1 m,j—1 m,j m,j+1
(EM" Yicks oo AE™ T Yicks (E" Yick, T Vi,

m—1,j+1 m—1,m—1 m—1 m—1 _  m-2 > 11 (6-9)
Thus the induction assumption (6-8) for j has been advanced to j + 1 in (6-9).
At the end of the j-induction we have the independence of
(E" ik oo " iz 0" ik, 6.10)
{n;n_l}ifk—b 7721 : - 7711” 2’ ceey nk - 7711» 7)]1
Split {n!""" 1},<k into the independent pieces {n; " },<k 1 and ;""" . Combine the former with
{n"~ 1},<;< 1, Lemma B.2(a), and the transformations £~ = R(y™"~ 1, y"=1), " =D@m™"~ 1, 1)
mm 1, m—1
to form the independent Varlables {Em e ]},<k 1, {n"}i<k—1 and Jk 1 T° " Transform the inde-
-1 m— mm—1 _m—1

pendent palr (! J,? L ) into the independent pair of &"" ' = nk’" MEAGT and
=t =" ! J”mm L )+ Attach & ! to the sequence {g"" Ni<k_1. After these steps,
we have the independence of

E" ik AE " it A6 ik 611

izt n =g e =T o —
Thus the induction assumption (6-6) has been advanced from m — 1 to m. O
Proof of Theorem 3.4. Fix 1 < p; < --- < p, and let the multiline configuration I = a°,....1m
have distribution v Let n = (0, ..., n") = D"*tD(I). By Theorem 3.2 proved above,
(Y,, B, ..., B 4 n ~ pubPieaP) Lemma 6.4 gives the independence of the components of
the vector
('711”71%_’711"'"’7 _nk )_(Y)HB),?Ielx_Y szelx B,flelx"‘ B)fnelx Bfnellx)

(Above k € Z and x € 7 are arbitrary.)

The distribution of an increment " — 0’ ! can be computed from the 2-component mapping
o™ Ly =DD a1y =, DA™, 1Y) where (I, 1) ~ vPn-1:Pn The first equation
of (2-24) gives

m ym—1
=g = - = =5 T

The right-hand side has the distribution in (3-7) with (A, p) = (0m—1, Pm) because, by the structure of the
m—1

queueing mapping, I;" and Jk[ini] are independent exponentials with parameters p.-! and ,0,;1_1 —p L
A computation of the Laplace transform of the increment X (p) — X (1) of the process defined by (3-6)
gives, for p > A >1and @ > 0,
14+ Aa

Ele-oX(p-x0y, _ 1 T4 6-12
le ] 1+ pa (12
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This is the Laplace transform of the distribution in (3-7). Thus n}' — ~! has the same distribution as

X (pm) = X (om-1)-
To summarize, the nondecreasing cadlag processes B; _,, . and X (-) have identically distributed initial

values (both B! = Y, and X (1) are Exp(1)-distributed) and identically distributed independent

xX—eyp,Xx
increments. Hence the processes are equal in distribution. ]

6C. Bivariate Busemann process on a line. The remainder of this section proves statements for the
sequence {(B?lc—l,t),(k,t)’ B&_l’l)’(k’l))}kez that has distribution ©*#). We use the following notation: Let
p>1>0, (I', 1> ~v*P and (n', n?) =DD U, I1?) = (", D(I?, I")). Then (5!, n*) ~ u*P). Let
J=J00 =52, 1.

Proof of Theorem 3.5. The next auxiliary lemma identifies a reversible Markov chain.

Lemma 6.5. Let X; = J;_1 — Il.z. Then {X;}icz and {X;r},-ez are stationary reversible Markov chains.
{X. }iez is not a Markov chain.

Proof. From the second equation of (2-24),

Xiv1=Ji = I'2+1 = Iil + i1 = Ii2)+ - 11'2+1 = Xi+ + Iil - Ii2+1

1

Since J;_; is a function of (1!, Ikz)kfi,l, X, is independent of (Iil, Il.2+1). Schematically, we can express
the transition probability as X; 1 = X;" +Exp(A~') —Exp(p '), where the three terms on the right-hand
side are independent.

Similarly, using conservation (2-25) and the dual equations (4-3),
Xi=Jdio—IF=Ji =0} =@+ Ui — ) —nf = X5 + @i — ) (6-13)

Ji and 77,~2 are independent by Lemma B.2(a), and hence the triple (J/;, r]l.z, Il.2+1) is independent. Conse-
quently so is the triple

Xit1, Biv1,n)) = (i = T2, i AT D)
and we can express (6-13) as X; = X;Zrl +Exp(A~!) — Exp(p~!) where again the three terms on the
right-hand side are independent. The transitions from X; to X;;; and back are the same.

From the equations above we obtain equations that show X l+ as a reversible Markov chain.
Writing temporarily U; = Iil_] — Il.z, we get these equations for X;_ ;-

Xi =X+ U = (X2 +UDT +Uin) .
Conditioned on X; >0, X; ~Exp(A~! — p~1). Thus

P(X;, =0]X; =0)=P(X; + Ui;1 20| X; > 0)

(6-14)
= P{Exp(. "' — p™ ) + Uiy >0}
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For the next calculation, note that X;_|; < 0 implies X; = X;r_1 + U; = U; and then X;1; = Ul.Jr +Uitr.

P(X;,,=0,X; =0,X;_, >0)
P(X; =0,X,_,>0)
PU;i+Ui+1>20,U;>20,X; 1 <0)
- P(U; = 0,X,_1 <0)
=PWU;+Ui;1120|U; =20)
= P{Exp(A™") + Ui11 > 0}

P(X;1=0|Xi_=0’Xi_—1>0)=

(6-15)

We used above the independence of X;_; from (U;, U;11) and then the conditional distribution U; ~
Exp(k‘l), given that U; > 0. The conditional distributions in (6-14) and (6-15) do not agree, and
consequently X~ is not a Markov chain. (Il

Since n,% — n,i = n,% - Ik1 = (Ik2 — Ji—1)T = X, we conclude that 77,% — n,i is not a Markov chain, but it
is a function of a reversible Markov chain. Part (a) of Theorem 3.5 has been proved.

We give here two more auxiliary lemmas.
Lemma 6.6. The process (n,l, U;%)kez is not a Markov chain.
Proof. The construction gives n,%Jrl = Ik1+1 + (Ikz+l — Ji)T. On the right, the variables Ik1+1 and Isz are
independent and independent of J; and (n}., n%) j<k- The conclusion of the lemma follows from showing
that conditioning on n,l = n,% gives J; an unbounded distribution, while conditioning on )7,1_1 < 771%—1 and
n,i = 77;% implies J; < r],i_ L+ n,l. Thus conditioning on (n,l, n,%) does not completely decouple 17,% 4 from
the earlier past.

From the three independent variables (Jx—1, / kl, I kz) the queueing formulas define

m=IL, n=0'+U}—nh-)" and JSi=L'+ U —IHT (6-16)
The condition n,i = 17,% is equivalent to J;_; > Ikz, and conditioning on this implies
Jiot = I ~Bxp(l ' = p7h).

Thus J; is unbounded.
For the second scenario consider the five independent variables (J;_p, 1 kl_l, I k2—1’ I kl, 1 k2) and augment
(6-16) with the equations of the prior step:

mo=0L, n, =L, +U}, —Jht and =1L+ D212 )7 (6-17)

Now 7711—1 < 17,%_1 implies Jy_; = Ikl_1 and then ’711 = 7;,% implies J; = Ik1 + Jio1 — Ik2 = Ik1 + Ikl_1 — Ikz.
Hence J; < Ik1 + Iktl = n,i + ’71£71' The lemma is proved.

With service process 1! = n!, arrival process 7> and departure process 1> the queueing explanation of
the proof is that n}( = n,f implies that customer k had to wait before entering service, and hence delays
from the past can influence the next interdeparture time n,% - (]

Lemma 6.7. The pair ((n,i, 77,%), (77;1+1, U,%H)) and its transpose ((n,iH, n,%_H), (n,i, 77,%)) are not equal in
distribution.
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Proof. By the queueing construction, n,l a=1 k] 41 1s independent of (n,l, n,%) because the latter pair is a
function of (I}, I 2)l<k. To see that n,l =1 ! is not independent of (n,i e n,% +1)» write

1771
’71%+1 ’7k+1 = (Ik—i—l —J)" = (Ik-H 1 = k-1 — Ik2]+ )"
where all four variables in the last expression are independent. (I

Part (b) of Theorem 3.5 follows from the two lemmas above. O

Proof of Theorem 3.6 and Remark 3.7. Part (a) comes from translating the condition B&_l) e key = Yie,
into a statement about the queueing mapping [ =D, w).
By (2-13),
Pler =0} =P(B{_, < Bl J=1-p"
from the independence and exponential distributions in Theorem 2.1(ii). From (3-7),
p—A

0

A
xX— e1x>Bx elx}_

Pig; " =0} = P{BY

To calculate P{&;* = n} for n > 1 we put x on the x-axis and use the distribution (Eé’e‘, B 4

(', n*) ~ u®P given by Theorem 3.2, with the notation from the start of Section 6C. By setting A = 1
the same calculation gives P{§; = n} because Yo= l_?(l)’e‘.

Bp

_ pit _ pA
B (n—1)ey,ne; — B(nfl)el,nel}

e1,2e1° """

P, =n}=P{B’, ,>B*

nej

P _ npi P
—e;,0° B0,81 _BO,el ’ Bel 2e;

=P}>1, =1, m=10,....n2=1)}
=P{3>J 1, [} <Jo. I3 <Ji,.... 1] < J,_1) (6-18)
The last equality used 77,-2 = Il-l + (Ii2 — Ji_1)" repeatedly: 71,-2 > Il.l is equivalent to Il.2 > Ji_1.

Next apply repeatedly the equation J; = Il.1 +(Ji—1— 11.2)Jr inside the last probability in (6-18). Ig >J_1
implies Jy = Iol. Then 112 < Jo implies J; = 111 + Jo— 112 = 111 + I(} — 112. Assume inductively that

Ji=L I — =T (6-19)
Then II.ZJrl < J; implies
J =L+l =Ry =1+ A+ = = = 1) = I,
and the induction goes from i to i + 1. Substitute (6-19) for Jy, ..., J,_1 in the last probability in (6-18).

Use the independence of the variables J_1, {Il.l, Il.z},-zo. Let Sy denote the sum of m i.i.d. Exp(«) random
variables, with S and § denoting independent sums.

Plgr =n}=P{l§ > J_1, If <Iy, +I} <1} +1;, ..., 12+---+11 <L+ -+I}
k n

= P{I}>J ) P(SE <5 Vme[n]}——zc(n lk)m

— T m

(6-20)

The last line comes from the independence of Ig and J_1, their distributions I(? ~ Exp(,o_l) and J_j ~
Exp()F1 —p~ 1), and Lemma B.3. [l
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Appendix A. Queues

We prove elementary lemmas about the queueing mappings. Unless otherwise stated, the weights are real
numbers without any probability distributions.

Lemma A.l. Fix0<a <b. Let | = (I)rez and o = (w;) jez in R satisfy

1
lim —Zl>b and  lim —Zwi:a. (A-1)

m——00 m m——00 |m| i

Then I = D(I, w) is well-defined and satisfies lim, lm|~! Z(.) I > b.

1=m

Proof. Assumption (2-17) is obviously satisfied. Without loss of generality assume Go = 0. Let
0 <& < (b —a)/3. Then for large enough n,

G_,,— sup {Gk+2w,}= sup {— 20: I,-+ia)i}— 20: w;

kik<—n kik<—n

i=k+1 i=k i=—n+1
< sup {—|k|(b—e)+|kl(a+e)} —n(a—e) =n(—b+3e).
k:k<—n
Since YV_ i1 li = Go— G, this proves lim ____|m|"'0_ I, > b. O

Lemma A.2. Fix 0 < a < b. Assume given nonnegative real sequences I = (I;)icz, © = (0i)icz,
M = (Ii(lz))iez and o™ = (a)l.(h))iez where h € 7~ is an index. Assume Ii(h) — I; and a)lgh) — w; as
h — oo for all i € Z, and furthermore,

0

— 1 — 1

: h _pl— m | — Y o®—a|= -
mll)r{loo ‘ P E I b ' =0 and m1—1>1£100 ' ] w; a|=0. (A-2)
h— o0 i=m h— o0 i=m

Then I = D(I, w) and & = R(I, w) are well-defined, as are I = DI, ™) and 3" = RU™ , ™)
for large enough h. We have the limits

lim " =1 and lim 3" =&  forallieZ (A-3)
h—o00 h—o00
and
S B S I
- L HON _ - L ~(h) _ _ )
mliTm‘|m|Zli b‘_O and mg@w’mlzwl a|=0. (A-4)
h—o00 i=m h—o00 i=m

Proof. Assumption (2-17) is satisfied to make 1" = D(I”, o) well-defined for large enough .
We can assume G(()h) = 0. Compute 1" = D™, ™M) as the increments of the function

l
G = sup{G(h) +) a)}h)}. (A-5)
k<t .
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Let ko be a maximizer in (2-18) for ég. Then

14 4
lim G > lim {G,ﬁf)” +>° w}")} =G+ Y o =G (A-6)

h— o0 h— o0 i=ko i=ko

Let k(h) be a maximizer in (A-5). If limy_.o, G\ < G fails then it must be that k(h) — —oo along
a subsequence. But we can write

i

¢
~h) _ ~(h) (h)
G, —Gk(h)—l- Z w

i=k(h)
0 0 e 0
h h h h
i) YNAES SRTLEY () SELES ) SRTLY (A7)
i=k(h)+1 i=k(h) i=1 i={+1

which converges to —oo as k(h) — —oo by the assumptions and thereby contradicts (A-6). We have now
proved that

Jim GW=G, foralltez (A-8)
—00
and thereby verified (A-3) for 1.

Let0 <& < (b—a)/3. By assumption (A-2) there exist finite 7y (¢) and /&1 (¢) such that, when n > n(¢)
and h > hj(g),

—n 0 0 0
5@, = sup {G,(Ch) + wah)} = sup {— Z Ii(h) + Za)fh)} - Z a)i(h)
kik=—n i=k kk=—n i1 i=k i=—n+1
< sup {—lkl(b—¢)+|kl(@a+e)} —n(a—e)=n(—b+3e).
k:k<—n
From this,
o G
lim sup —— < —b+3e. (A-9)
m=>=00 p>p () M|
Since Z?:m I~l.(m = 5g’) - 5%’11 and ééh) > a)(()h) > 0, this proves
1O
lim  inf — Y " >b-3e A-10
m=>—oco h=hi(e) |m| _Zm b (A-10)

For the complementary upper bound, get a lower bound for 5,(:)_1 by taking k = £ in (A-5).

0 0
F(hy _ A~ ~(h) ~(h) hy _ ~) (h)
Zli =G, -G, =Gy, -G, =G, +Zli .

i=m i=m

Apply limit (A-8) and assumption (A-2). Limit (A-4) has been proved for ™,
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The limits for @ follow from the other limits and the generally valid identity
Wi + Iy = @ + I (A-11)
that comes from equations (2-21) and (2-24). O

For reference elsewhere in the paper we state the simple consequence of Lemma A.2 where the
sequences are constant functions of .

Lemma A3. Fix0<a <b. Let I = (Iy)kez and v = (w;) jez in Rio satisfy

1 1
lim — Y ;=b and lim —Za),- =a. (A-12)
m——00 |m| Pt m——o00 |m| —

Then I = D(I, w) and @ = R(I, w) are well-defined and satisfy

1 1
lim —Y f;=b and lim — > & =a. (A-13)
m——oo |m| m——oo |m|
i=m i=m
For the purpose of verifying that Busemann functions obey the queueing operation [ =D, w), it
is convenient to have a lemma that deduces this from assuming the iterative equations (2-24). The first

lemma below makes a statement without randomness.

Lemma A.4. Let {fk, Ji, Iy, Wi }kez be nonnegative real numbers that satisfy the three assumptions below:

0
lim Z(wi — Ii41) = —o%. (A-14)
=m
Lh=wr+ U — Tt and Te=wp+ (o1 — L) forallk € 7. (A-15)
Jy = wr  for infinitely many k < 0. (A-16)

Then I = D(I, w) and J = S(I, w).
Proof. Rewrite the second equation of (A-15) as follows. Let Wy = Jy — w and Uy = wy — Ix41. Then
Wi = (W1 + U™ (A-17)

This is Lindley’s recursion from queueing theory and W; is the waiting time of customer k. Equation
(A-17) iterates inductively to give

k—1 k—1 +
Wk:{<Wg+ZU,-)\/< . max_ 12U,~>} for all £ < k. (A-18)
i=t m bt l=m e

‘We claim that

k—1 +
Wy = < sup Y Ui> for all k € Z. (A-19)

m:m<k—1 i=m
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Dropping the first term on the right in (A-18) and letting £ — —oo gives > in (A-19). By assumption
(A-16) Wy =0 for some £ < k. Then (A-18) gives also < in (A-19).

The proof is completed by making explicit the content of (A-19). Let G and G be as defined in the
definition of the mappings D and S. Then from (A-19) and (2-23) deduce

k—1 k—1
Je = + ( sup Z(a)i - i+1)>+ =wi + < sup {Gm -G+ Zwi}>+
m:m=<k—1,_ m:m<k—1 i=m
=wp 4+ (Gi1 — Gr) T =wr + Gi_1 V G — G = G — Gy
Thus J = S(I, w). Finally, from the first equation of (A-15) and [} = Gy — G¢—1,
L=+ Uk — )t =L — Ty + o+ (er — 10T = Lo+ Ji — Jio
= It + (G — G) — (G-t — Gy—1) = G — Gy_1. O
Here is a version for a random sequence.
Lemma A.5. Let {ik, Ji, Ix, wxlrez be finite nonnegative random variables that satisfy assumptions
(1)—(ii1) below:
(1) limy— _oo Z?:m (w; — I;11) = —00 almost surely.
(1) {Jk, wr}rez is a stationary process.
(iii) Equations
k=i + U= D)t and e =+ ko — 10" (A-20)
are valid for all k € Z, almost surely.
Then Jy. = wy. for infinitely many k < 0 with probability one, and I = D(I, w) and J = S(I, w) almost
surely.

Proof. Lemma A.4 gives the conclusion once we verify that assumption (A-16) holds almost surely. Using
the waiting time notation W from the previous proof, it suffices to show that

P{W, = 0 for infinitely many £ < 0} =1 (A-21)

The complementary event is B = {there exists m < 0 such that W > 0 for all Kk <m}. B is a shift-invariant
event. On the event B, the right-hand side of (A-17) is strictly positive for all K < m (for a random m).
This implies, for all k < m,

m—1 m—1
0 < Wiy = Woot + Ut = Wz + Uz +- Ut === Wk ) Ui = Wt ) (w1 = L),
i=k i=k

By assumption (i) of the lemma, W; — oo a.s. on the event B as k — —oo. Let ¢ < co. By the
shift-invariance of B and the stationarity of the process {W; = Jy — wi }rez,

P(Wo>c, By=P(Wy>c¢,B) - P(B) ask— —oo.

We conclude that Wy = oo a.s. on the event B, and hence P(B) = 0. Claim (A-21) has been verified. [l
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Remark A.6 (nonstationary solution to Lindley’s recursion). Some result such as Lemma A.5 is needed,
for there can be another solution to Lindley’s recursion that blows up as n — —oo. Suppose {U} is
ergodic and EU; < 0. Pick any random N such that Z,iv:m Uy <O forallm < N. Set

N
Wn:—ZUk forn <N,
k=n

Wyni1 =0,
Wp=W,_1+ Un—1)+ forn> N +2.

One can check that W, = (W,,_; +U,_1)" holds for all n € Z.

Appendix B. Exponential distributions

The next lemma is elementary. The mapping (I, J, W) +— (I’, J', W’) in the lemma is an involution, that
is, its own inverse.

Lemma B.1. Let o, B > 0. Assume given independent variables W ~ Exp(a + B), I ~ Exp(«), and
J ~ Exp(B). Define
I'=sw+U -7,

J=W+UT-J)", (B-1)
W =1nJ.
(1) I —J and I A J are independent.

() (I —J)" ~Ber(B/(a + B)) - Exp(w), that is, the product of a Bernoulli with success probability
B/(a + B) and an independent rate o exponential.

(iii) The triple (I', J', W’) has the same distribution as (I, J, W).

We use the previous lemma to establish some facts about the queueing operators. To be consistent
with the queueing discussion we parametrize exponentials with their means 7 and p.

Lemma B.2. Let 0 < 1 < p. Let (I})rez and (wj) jez be mutually independent random variables such
that I ~ Exp(p~") and w; ~ Exp(t"). Let I = D(I, ») as defined by (2-18) and (2-19), & = R(I, )
as defined by (2-21), and J, = ék — Gy asin (2-20). Let A, = ({ij}jgk» Jk, {c~oj}j§k).
(a) {Ar}kez is a stationary, ergodic process. For each k € Z, the random variables { I~j} i<k ks {o)} <k
are mutually independent with marginal distributions

fj ~ Exp(p_l), wj~ Exp(r_l) and Jy ~ Exp(r‘l — p_l).
(b) I and & are independent sequences of i.i.d. variables.

Proof. Part (b) follows from part (a) by dropping the J; coordinate and letting k — oo. Stationarity and
ergodicity of {A} follow from its construction as a mapping applied to the independent i.i.d. sequences
I and w.



96 WAI-TONG LOUIS FAN AND TIMO SEPPALAINEN

The distributional claims in part (a) are proved by coupling (ik, Ji—1, @r)kez With another sequence
whose distribution we know. Construct a process (ﬁ, j;(, 1, Wr)r>1 as follows. First let j) be an
Exp(t*l — ,0*1) variable that is independent of (/, w). Then for k =1, 2, 3, . . ., iterate the steps

L=oc+ = J)?,
Jo= o+ (k1 — 10T, (B-2)
or =L A Ty

We prove the following claim by induction for each m > 1:

The variables Ty, ..., Iy, Jo, @1, . .., @ are mutually independent,
with marginal distributions T, ~ Exp(p™"), J,, ~Exp(t~' —p~') and @; ~ Exp(zr™!).  (B-3)

By construction, the variables (I, jz), ) are independent with distributions

(Exp(p~ 1), Exp(z~' —p7 1), Exp(z™1)).

The base case m = 1 of (B-3) comes by applying Lemma B.1 to the mapping (B-2) with k = 1. Now
assume (B-3) holds for m. Then (1,41, fn, wm+1) are independent with distributions

(Exp(p™ 1), Exp(r ' —p7 1), Exp(z™ 1)

o~

because, by construction, J,, is a function of ([, ..., I, jf), w1, ..., wy) and thereby independent
of (Im+1, ®m+1). By Lemma B.1, mapping (B-2) turns the triple (Im+1, Jm, me) into the triple
(Im+1, Jm+1, ®m+1) of independent variables, which is also independent of 11, .. Im, D1y ..., DOn-
Statement (B-3) has been extended to m + 1.

Our next claim is as follows:

There exists (almost surely a random index) mgo > O such that J,,, = fmo. (B-4)

Suppose first that Jy > f). Then (2-24) and (B-2) imply that J; > j;: for all k£ > 0. If (B-4) fails then
Ji > j;( for all £ > 0. But then for all £ > 0,
k
=1 tor—Li=---= JO+Z(wj —1;) — —oo almost surely, as k — oo,
j=1
which contradicts the fact that J; > O for all k. Thus in this case (B-4) happens. The case Jy < ./IB is
symmetric.
Through equations (2-24) and (B-2), (B-4) implies that Iy = Ir, Ji = Ji, and & = @ for all k > my.

Part (a) follows from (B-3), because for any ¢, (ig_n, e ig, J¢, @o—n, ..., @) has the same distribution
as (I—n, .., Ix, Jx, @k—n, . .., @) which agrees with Teens s Iy Ty @k—ps - - -, @x) With probability
tending to one as k — oo. ([

Next we compute a competition probability for two independent homogeneous Poisson processes on
[0, o) with rates @ and B. Let {0;};>1 be the jump times of the rate « Poisson process and {z;};>; the
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jump times of the rate 8 Poisson process. For n > 1 define the events
A, ={o; <t foralli €[n]},
B,={0; <7t foralli € [n—1], 0, > 1,}.

The Catalan numbers {C, : n > 0} are defined by

c o 1 (2n> B-5
"Tan+i\n /) (B-3)

The following properties of the Catalan triangle {C (n, k) : 0 <k < n} given in (3-10) can be deduced with
elementary arguments. C(n, 0)=1, C(n, k)= ("I*)= (7)) fork >0, C(n,k)=C(n, k—D+C(n—1,k),

Y Cnby=Cn+1.i) for0<i<n, (B-6)
k=0
and "
Y Cnby=Cn+1.m)=Cn+1n+1)=Cpyi. (B-7)
k=0
Lemma B.3. Forn > 1,
n—1 n ok
o' B
PA)=Y Cn—1,k) ————, B-8
(An) gm ) G (B-8)
an—llgn
P(B,) =C (B-9)

Remark B.4. The generating function of the Catalan numbers is

1-+v1—-4
f(X)ZZCnX"Z—x for |x| < 1.

2x
n>0

Hence from (B-9),

oo .
P af I ifg>a,
> P(B) = f s)=1s .
o a+p" \(a+ph) Eifg<a.
In other words, the rate a process stays forever ahead of the rate B process with probability (1 — 8/a)*.

Proof. We compute P(B),) first and then obtain P(A,) by inclusion-exclusion.
Since Cy =1, (B-9) holds for n = 1. For n > 2 condition on (o, 7,):

P(Bn)zf ) OP(a,b){U,- <V fori €[n—1]} P((on, 7s) €d(a, b)), (B-10)

where under P, 3y, 0 < U < --- < U,— are the order statistics of n — 1 i.i.d. uniform random variables
on [0,a] and 0 < V| < --- < V,_; are the same on [0, b], independent of the {U;}. We calculate the
probability inside the integral.
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Below, first use the equal probability of the permutations of {x;} among themselves and {y;} among
themselves. Note that a > b and the conditions x; < y; force all {x;, y;} to lie in [0, b]. Then use the equal
probability of all permutations of {x;, y;} together. The Catalan number Cy is the number of permutations
of {x1,..., Xk, ¥1, ..., Yk} suchthat x; <--- <xg, y; <---<ygandx; <y; forall i (see Corollary 6.2.3
and item dd on page 223 of [Stanley 1999]).

. ((n—1DhH?
Pap (Ui =Viforieln—1])= @byt Li<yviem-ndxdy
X|<--<Xp_1<a
Vi<-<Yu—1<b

(n—1? /‘ (n—1H2 2=

—C,_ dxdy=C,_ : .
" aby xay aby-1 @2n—2)!

X< <Xp—] <YL <+ <Yp—1<b

Substitute this back into (B-10). Use the gamma densities of o,, and 7,,.

— 1) 2 bn—l n—1 b n—1
P(B,) = Cn_lu/ . % e % . & ﬁe*ﬁb da db
(2” - 2)' O<b<a<oo anil F(I’l) F(n)
nQgn n—1 pgn
— Cﬂ_[i/ p2—2 pmaa=pBb g, dp — Cn_i a—l[j_l
(21’1 - 2)' O<b<a<oo (ﬂ + Ol) "

We prove (B-8). The case n = 1 is elementary. Let n > 2 and assume (B-8) for n — 1. Abbreviate
p=pB/(a+pB)and g = /(o + B). Use (B-6) and (B-7) below.

n—2
P(A)=P(A, )= PB)=¢"")Y Ctn=2,k)p" = Crrg" ' p"
k=0
n—2 n—2 n—1
=q""' Y Cr—-2, (P —pH=q") Y Cn—2,k)p’
k=0 k=0 j=k
n—1 jA(n-=2) n—1
=q") Y Cn-2kp =g Zcm—l JAm=2)pl =¢")y Cin—1,j)p/. O
j=0 k=0 j=0 j=0
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OPTIMAL LOWER BOUND ON THE LEAST SINGULAR VALUE OF
THE SHIFTED GINIBRE ENSEMBLE

GIORGIO CIPOLLONI, LASZLO ERDOS AND DOMINIK SCHRODER

We consider the least singular value of a large random matrix with real or complex i.i.d. Gaussian entries
shifted by a constant z € C. We prove an optimal lower tail estimate on this singular value in the critical
regime where z is around the spectral edge, thus improving the classical bound of Sankar, Spielman and
Teng (SIAM J. Matrix Anal. Appl. 28:2 (2006), 446-476) for the particular shift-perturbation in the edge
regime. Lacking Brézin—Hikami formulas in the real case, we rely on the superbosonization formula
(Comm. Math. Phys. 283:2 (2008), 343-395).

1. Introduction

The effective numerical solvability of a large system of linear equations Ax = b is determined by the
condition number of the matrix A. In many practical applications the norm of A4 is bounded and thus
the condition number critically depends on the smallest singular value o1(A4) of A. When the matrix
elements of A come from noisy measured data, then the lower tail probability of o7 (A) tends to exhibit
a universal scaling behavior, depending on the variance of the noise. In the simplest case A can be
decomposed as

A= Ao+ X, ey

where Ag is a deterministic square matrix and X is drawn from the Ginibre ensemble, i.e., X has
i.i.d. centered Gaussian matrix elements with variance E|x;; |? = N~!, where N is the dimension.

The randomness in X smoothens out possible singular behavior of A~!. In particular Sankar, Spielman
and Teng [Sankar et al. 2006] showed that the smallest singular value o (A) lives on a scale not smaller
than N ~!, equivalently, the smallest eigenvalue A1(AA*) of AA* lives on a scale < N2, i.e.,

P(A(AA*) =[01(A))> <xN7?) < /x, forany x>0, )

up to logarithmic corrections, uniformly in Ag. If X is a complex Ginibre matrix, then the 4/x bound
improves to x.
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Union’s Horizon 2020 research and innovation programme under the Marie Sktodowska-Curie Grant Agreement No. 665385.
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The special case Ap = 0 shows that the bound (2) is essentially optimal. Indeed, the tail probability of
A1(XX™) of real and complex Ginibre ensembles has been explicitly computed by Edelman [1988] as
lim POy (XX*) < xN~2)= | — e X/2=V/x = /X + O(x) in the real case, 3)
N—o0 l—e™ =x+0(x?) in the complex case.
The complex Ginibre ensemble has a stronger smoothing effect in (3) due to the additional degrees of
freedom. This observation is analogous to the different strength of the level repulsion in real symmetric
and complex Hermitian random matrices.

The support of the spectrum of such information plus noise matrices AA* becomes deterministic as
N — oo and it can be computed from the solution of a certain self-consistent equation [Dozier and
Silverstein 2007]. Almost surely no eigenvalues lie outside the support of the limiting measure [Bai and
Silverstein 2012]. Thus A1(AA™) has a simple N -independent positive lower bound if 0 is away from
this support. However, when 0 is well inside the limiting spectrum, the smoothing mechanism becomes
important yielding that A1 (AA*) is of order N =2 with a lower tail given in (2). The regime where 0 is
near the edge of this support is yet unexplored.

The goal of this paper is to study this transitional regime for A = X — z, i.e., for the important special
case where Agp = —z1 is a constant multiple of the identity matrix, as the spectral parameter z € C is
varied. The limiting density of states of YZ := (X —z)(X —z)* is supported in the interval [0, ¢4 ] for
|z| <1 and the interval [e—, e1 ] with e_ > O for |z| > 1, where ¢4 are explicit functions of |z| given
in (18a). As noted above, the problem is relatively simple if |z| > 1 4+ € with some N -independent ¢ as in
this case [Bai and Silverstein 2012] implies that almost surely A1 (Y %) > C(¢) > 0 is bounded away from
zero. In the opposite regime, when |z| < 1 — ¢, then typically A{(Y?) ~ N2, and in fact (2) provides
the correct corresponding upper bound (modulo logs).

Our main result on the tail probability of A; (Y ?) is that for |z] < 1+ CN~1/2

—lN(Sz)z .
2 th 1 ,
P(AM(Y?)<x-¢(N.z2)) S X+ Ve ?n e real case )
x in the complex case,

where

(N, z) = min] — ! s

c¢(V,z) :=min , )
N3/2" N2|1—|z|?|

Our bound is sharp up to logarithmic corrections; see Corollary 2.4 for the precise statement. Notice the
transition between the x and /x behavior in the real case of (4a): near the real axis, |Jz| < N —1/2 the
result is analogous to the real case (3) at z = 0, otherwise the complex behavior (3) dominates at the
edges even for real X; see Figure 1. These results reveal how the robust bound (2) improves near the
spectral edge in the transition regime —C N 12 <1 - |z] < 1 in both symmetry classes. The transition
to the Tracy—Widom scaling in the regime well outside of the spectrum |z| — 1 > N ~1/2
our future work.

is deferred to

One motivation for studying X — z is the classical ODE model du/d¢ = (X — z)u on the stability of
large biological networks by May [1972]. For example, the matrix elements x;; may express random
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Figure 1. Plots of the cumulative histograms of the smallest eigenvalue )‘ﬁ,@ of the
matrix (X —z)(X —z)*, where R, C indicates whether X is distributed according to the
real or complex Ginibre ensemble. The data was generated by sampling 5000 matrices
of size 200 x 200. The first plot confirms the difference between the x- and /x-scaling
close to 0; see (3). The second plot shows that this difference is also observable for
shifted Ginibre matrices at the edge |z| = 1, but only for real spectral parameters z = +1.
When the complex parameter z is away from the real axis, then the real case behaves
similarly to the complex case.

connectivity rates between neurons and z is the overall decay rate of neuron activation [Sompolinsky et al.
1988]. As iz crosses 1, there is a fine phase transition in the large time behavior of u that depends on
whether X is real or complex Ginibre matrix; see [Chalker and Mehlig 1998] and [Erd&s et al. 2018] for
the recent mathematical results, as well as for further references. Another important motivation is that an
effective lower tail bound on the least singular value of X — z is essential for the proof of the circular law
via Girko’s formula; see [Bordenave and Chafai 2012] for a detailed survey. In fact, this is the most delicate
ingredient in any proof concerning eigenvalue distribution of large non-Hermitian matrices. In particular,
relying on the main result of the current paper, we proved [Cipolloni et al. 2019b] that the local eigenvalue
statistics for random matrices with centered i.i.d. entries near the spectral edge asymptotically coincide
with those for the corresponding Ginibre ensemble as N — oo. This is the non-Hermitian analogue of
the celebrated Tracy—Widom edge universality for Wigner matrices [Soshnikov 1999; Bourgade et al.
2014]. Similarly, the singular value bound from the present paper is also an important ingredient for the
recent CLTs for complex and real i.i.d. matrices [Cipolloni et al. 2019a; 2020].

We now give a brief history of related results. In the z = 0 case, tail estimates for A1(XX™*) beyond
the Gaussian distribution have been the subject of intensive research [Rudelson 2008; Tao and Vu 2009]
eventually obtaining (3) with an additive O (e ~¢") error term for any X with i.i.d. entries with subgaussian
tails in [Rudelson and Vershynin 2008]. The precise distribution of A1 (X X*) was shown in [Tao and
Vu 2010a] to coincide with the Gaussian case (3) under a bounded high moment condition and with an
O(N~°) error term; see also [Che and Lopatto 2019a; 2019b] for more general ensembles. In the case of
general Ao, lower bounds on A1(AA*) in the non-Gaussian setting have been obtained in [Tao and Vu
2007; 2010b], albeit not uniformly in Ag; see also [Cook 2018; Tikhomirov 2020] beyond the i.i.d. case.
We are not aware of any previous results improving (2) in the transitional regime (4a).

Since we consider Ginibre (i.e., purely Gaussian) ensembles, one might think that everything is
explicitly computable from the well understood spectrum of X. The eigenvalue density of X converges to
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the uniform distribution on the unit disk and the spectral radius of X converges to 1 (these results have also
been established for the general non-Gaussian case; cf. Girko’s circular law [Girko 1984; Bai 1997; Tao
and Vu 2008; Geman 1986; Bai and Yin 1986; Bordenave et al. 2018]). Also the joint probability density
function of all Ginibre eigenvalues, as well as their local correlation functions are explicitly known; see
[Ginibre 1965] and [Mehta 1967] for the relatively simple complex case, and [Lehmann and Sommers
1991; Edelman 1997; Borodin and Sinclair 2009; Forrester and Nagao 2007] for the more involved real

1/2 real eigenvalues causes a singularity in the local density. However,

case, where the appearance of ~ N
eigenvalues of X give no direct information on the singular values of X — z and the extensive literature
on the Ginibre spectrum is not applicable. Notice that any intuition based upon the eigenvalues of X
is misleading: the nearest eigenvalue to z is at a distance of order N —1/2 for any |z| < 1. However,
[(X —2)]7! ~ max{N3/* N|1—]|z|?|'/?} for |z| < 1+ CN~'/2, as a consequence of our result (4a).
This is an indication that typically X is highly nonnormal (another indication is that the largest singular
value of X is 2, while its spectral radius is only 1).

Regarding our strategy, in this paper we use supersymmetric methods to express the resolvent of Y 2.

In particular, we use a multiple Grassmann integral formula for
1
YZ—E+i0’

the averaged density of states (or one-point function) of Y ? at energy E € R. For |E| < ¢(N,z) a

1

sizeable contribution to (6) comes from the lowest eigenvalue A1 (Y ?), hence a good upper estimate on (6)
translates into a lower tail bound on A (Y ?).

With the help of the superbosonization formula by Littelmann, Sommers and Zirnbauer [Littelmann
et al. 2008], we can drastically reduce the number of integration variables: instead of N bosonic and N
fermionic variables we will have an explicit expression for (6) involving merely two contour integration
variables in complex case and three in the real case. The remaining integrals are still highly oscillatory,
but contour deformation allows us to estimate them optimally. In fact, saddle point analysis identifies the
leading term as long as | E| > c¢(N, z). However, in the critical regime, |E| < ¢(N, z), the saddle point
analysis breaks down. The leading term is extracted as a specific rescaling of a universal function given
by a double integral. We work out the precise answer for (6) in the complex case and we provide optimal
bounds in the real case, deferring the precise asymptotics to further work.

Lower tail estimates require delicate knowledge about individual eigenvalues, i.e., about the density of
states below the scale of eigenvalue spacing, and it is crucial to exploit the Gaussianity of X via explicit
formulas. There are essentially three methods: (i) orthogonal polynomials, (ii) Brézin—Hikami contour
integration formula [1998] and (iii) supersymmetric formalism. We are not aware of any orthogonal
polynomial approach to analyze Y? = (X —z)(X — z)™ in the real case (see [Desrosiers and Forrester
2006] in the complex case and [Mo 2012] for rank-1 perturbation of real X). In the complex case,
the ensemble Y Z has also been extensively investigated by the Brézin—Hikami formula in [Ben Arous
and Péché 2005], where even the determinantal correlation kernel was computed as a double integral
involving the Bessel kernel; see also [Guhr and Wettig 1996; Jackson et al. 1996] for a derivation via the
supersymmetric version of the Itzykson—Zuber formula. Although the paper [Ben Arous and Péché 2005]
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did not analyze the resulting one point function, well known asymptotics for the Bessel function may be
used to rederive our bounds and asymptotics on (6), as well as (4a), from [Ben Arous and Péché 2005,
Theorem 7.1]; see Appendix C for more details. For the real case, however, there is no analogue of the
Brézin—Hikami formula.

Therefore, in this paper we explore the last option, the supersymmetric approach, that is available for
both symmetry classes, although the real case is considerably more involved. Our main tool is the powerful
superbosonization formula [Littelmann et al. 2008] followed by a delicate multivariable contour integral
analysis. We remark that, alternatively, one may also use the Hubbard—Stratonovich transformation;
see, e.g., [Afanasiev 2019, Proposition 1] where correlation functions, i.e., expectations of products of
characteristic polynomials of X were computed in this way. Note, however, that the density of states (6)
requires one to analyze ratios of determinants, a technically much more demanding task. While explicit
formulas can be obtained with both methods (see [Recher et al. 2012] and especially [Kieburg et al. 2009]
for an explicit comparison), the subsequent analysis seems to be more feasible with the formula obtained
from the superbosonization approach, as our work demonstrates.

Supersymmetry is a compelling method originated in physics [Efetov 1997; Guhr 2011; Verbaarschot
et al. 1985] to produce surprising identities related to random matrices, whose potential has not yet been
fully exploited in mathematics. It has been especially successful in deriving rigorous results on Gaussian
random band matrices [Bao and Erdds 2017; Disertori et al. 2002; 2017; 2018; Shcherbina 2014; 2020;
Shcherbina and Shcherbina 2016; 2017; 2019], sometimes even beyond the Gaussian case [Shcherbina
2011; 2013; Spencer 2011], as well as on overlaps of non-Hermitian Ginibre eigenvectors [Fyodorov
2018]. We also mention the recent results in [Fyodorov 2018] and [Fyodorov et al. 2018] as examples of
a remarkable interplay between supersymmetric and orthogonal polynomial techniques in the theory of
Ginibre and related matrices.

The main object of our work, the Hermitian block random matrix

. 0 X-—:z
H=H ._(X*_Z ; ) @

arose in the physics literature as a chiral random matrix model for massless Dirac operator, introduced by
Stephanov [1996]. Typically, instead of z and z, both shift parameters are chosen equal to z (interpreted
as i times the chemical potential) so that the corresponding H is not self-adjoint; this model has been
extensively investigated by both supersymmetric and orthogonal polynomial techniques; see, e.g., [ Ver-
baarschot and Zahed 1993; Akemann et al. 2005; Wilke et al. 1998; Guhr and Wettig 1997; Osborn et al.
1999]. However, in the special case when z is real, our H? as given in (7) coincides with Stephanov’s
model where z can be interpreted as temperature (or Matsubara frequency); see [ Verbaarschot and Wettig
2000, Section 6.1].

2. Model and main results

We consider the model Y = YZ = (X —z)(X* —Z) with a fixed complex parameter z € C and with a
random matrix X € CNV*N having independent real or complex Gaussian entries x5 ~ A (0, N~!), where
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in the complex case we additionally assume E xgb = 0. Note that Y is related to the block matrix (7)
through its resolvent via

Tr(H — yw)™!
2w

where the branch of /w is chosen such that J,/w > 0. It is well known that in the large N limit the

=Tr(Y —w)™ !, Rw >0, Jw > 0, )

normalized trace of the resolvent of many random matrix ensembles becomes deterministic and it satisfies
an algebraic equation, the matrix Dyson equation (MDE) [Ajanki et al. 2019]. In the current case of
i.i.d. entries, the MDE reduces to a simple cubic scalar equation

1 2
—+(w+mHz)—L=0, Smgz(w) >0, Jw >0, ©)
meg:z w+mg:=
that has a unique solution, denoted by m g-. The local law from [Alt et al. 2019] asserts that
1
ﬁTr(HZ—w)_l =mpg:(w) + O<((NJw)™Y), (10)

where O denotes a suitable concept of high-probability error term. Together with (8) it follows that the
normalized trace of the resolvent (YZ —w)~! of Y is well approximated as

1
v Tr(Y? —w) ! ~ m?(w)

by the unique solution m = m? = my: to the equation

1 z|?
— +w(l +m®)— & =0, Sm?(w) >0, NRw>0, Jw>0, (11)
m? 14+ m=

which is given by m?(w) = mg=(y/w)/+/w. Since m approximates the trace of the resolvent, the
density of states is obtained as the imaginary part of the continuous extension of m to the real line, i.e.,
0#(E) = w1 lim¢_ o+ Imy(E + i€) for both choices # = HZ,Y?Z. For § := 1 — |z|? ~ 0 the Stieltjes
transform m - and its density of states exhibit a cusp formation at w = 0 as § crosses the value 0. This
cusp formation in HZ implies an analogous transition for m?; the corresponding density of states are
depicted in Figure 2.

Complex case. The main result of this paper in the complex case is an asymptotic double-integral formula
for ETr(Y —w)~! at w = E +i0, E > 0. In the transitional regime it is convenient to introduce the
rescaled variables

A= E/c(N)’ S:: N1/28, where § := 1—|Z|2, (12)

recalling that ¢c(N) = ¢(N, z) was defined in (5). For r > 0, let ¥ = W(r) be the unique solution to the
cubic equation 1 + r¥ + W3 = 0 with R, IW > 0. It is easy to see that U(r) satisfies W(0) = ¢'7/3
and W(r) ~i4/r for r 3> 1. We also introduce the notation a A b := min{a, b} and a v b := max{a, b}
for real numbers a, b.
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Figure 2. Density of states of Y# and H? around the cusp formation. The top and
bottom figures show a plot of the boundary value of Im? equal to Imy: and Imp-,
respectively, on the real line.

Theorem 2.1 (asymptotic 1-point function in the complex case). Uniformly in §>—Cand0<A<C
for some fixed large constant C > 0, we have

ETr(Y —A-¢(N,§)—i0)~!

1 N3/2 DOV () .
= /dxsﬁdye O~ (x, y) + O(N(1 Vv )(1 + [log A])), (13a)

2@ 2
where . .
~ 1 1 1 0Zx  0Zx
Hx,y)=—+—F5+—FS+—+—,
(x, y) x3+x2y+xy2+xy+x2
e 8 1
h(x):=—=( A" HAZex + —+ —= (13b)

XZsx @ 2x232°
Zo= A" 3V EY3) w3 v §Y3Y)),
¢(N,8) =N32.(1A57D,

and where the x-integration is over any contour from 0 to e3im/4

00, going out from O in the direction of
the positive real axis, and the y-integration is over any contour around 0 in a counterclockwise direction.

Moreover, in the regime A <K 1, we have the bound

1AS! - loghl, A>3§3
‘ A /dx%dy eh(y)_h(X)H(x’y)‘ 5 {log |’ - (130)

Za |logA8|, A <383,

In (13c), the eigenvalue scaling, i.e., for A > 1, the analogue of Theorem 2.1 reduces essentially to the
local law asymptotics (10), albeit with a better error term due to the presence of the expectation.
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Proposition 2.2. Let YZ = (X —z)(X —z)* where X is a complex Ginibre ensemble. Then, uniformly in
§:=1—|z|? and E € R, we have the asymptotic expansion in E+ := E — ¢4,

ETr(Y? — E —i0)~!

. 1 1 15-0 150
_ z >
= Nm*(E +10) x (1 +O(N|E+|3/2 + NE2 A (NE1/281/2 + N{E_P/2[5[52 , (14)

where the edges e+ of Im* are explicit functions of § given in (18a).

Real case. In the real case our main result is the following optimal bound on E Tr(Y + E)~! for E > 0.

Recall the notation § := 1 — |z|?.

Theorem 2.3 (optimal bound on the resolvent trace in the real case). Let p > 0 be any small constant.
Then uniformly in E > 0and § > —CN —1/2 for some fixed large constant C > 0 we have that

e—%N(%z)Z[N3/4 v N\/W]
VE

Finally, we present our bound on the tail asymptotics for both real and complex cases; for most

|ETe(Y + E)7Y < + (N32 v N2|8D[1 + [log(NE?/3)(] (15)

applications, this can be viewed as the main result of this paper. Since a sizeable contribution to
ITr(Y —E +i0)~! and I Tr(Y + E)~! comes from the smallest eigenvalue A1 (Y ?), by a straightforward
Markov inequality we immediately obtain the following corollary on the tail asymptotics of A1(Y ?) as an
easy consequence of Theorems 2.1 and 2.3.

Corollary 2.4 (tail asymptotics of A{(Y?)). For any C > 0, uniformly in x € (0,C] and 1 —|z|*> >
—CN_I/Z, we have the bound

P(A1(Y?) <c(N,z)x) < (14 |logx|)x (16)
in the complex case, and
P(A1(Y?) <c(N,2)x) e 3NSD” /X 4 (1 + | log x|)x 17)
in the real case, where we recall the definition of the scaling factor ¢(N, z) from (5).

Properties of the asymptotic Stieltjes transform m*. We now record some information on the determin-
istic Stieltjes transform m? which will be useful later. The endpoints of the support of the density of states
7~ 13Im? are the zeros of the discriminant of the cubic equation (11) since passing through these points
with the real parameter £ = Rw creates solutions with nonzero imaginary part. Elementary calculations
show that the support of Imy:z is [0,e4]if 0 <§ <1 and itis [e—, e4] if § <0, where

o 852 + (9—88)3/2 —368 +27
=7 8(1—3) ’

(18a)

and ¢_ is only considered if § < 0. Note that while ¢4 ~ 1, the edge e— may be close to 0; more precisely
0 <e_ =—483/27(1 + O(|8])). The slope coefficient of the square-root density at the edge in e is



OPTIMAL LOWER BOUND ON THE LEAST SINGULAR VALUE OF THE SHIFTED GINIBRE ENSEMBLE 109

given by

N yevVA(+0(2), A=0, 27/2(v/9— 85 + 1)3/2
Sm(er FA) = V= 7 .
0, A=0, (v/9—88 +3)5/2/9—8§

Note that while the square-root edge at e4 is nonsingular in the sense y4+ ~ 1, the square-root edge in e_

(18b)

becomes singular for small |§]| as

y-= (1+0(5])).

4135/

3. Supersymmetric method
Let y1.¥1,..., XN, X~ denote Grassmannian variables satisfying the commutation rules
XiXj =—XjXis XiXj=—XjXis XiXj=—XjXi:
from which it follows that )(1.2 = %72 = 0. As a convention we set y; := —y;. The power series of any

function of Grassmannian variables is multilinear and it suffices to define the integral in the sense of
Berezin [1987] over Grassmannian variables as the derivatives

BXka:BWX_k:I, BXklzaﬁlzo, 8X:: 8X18X7---8XN8X7\,

and extend them multilinearly to all finite combinations of monomials in Grassmannians. We denote
the column vectors with entries y1,..., yn and x1,..., xn by y and Y, respectively. The conjugate
transposes of those vectors, i.e., the row vectors with entries y1,..., yy and —y1,...,—yn will be
denoted by y* and ¥*, respectively. Note that (y*)* = —y, [¥*]* = —x. We now define the inner product

)= Tidi,
i
so that the quadratic form } ; ; 7i A;; x;j can be written as

{(x.Ax) ZXI ijXi

of Grassmannian vectors y, ¢ by

where the matrix-vector product is understood in its usual sense. Similarly, s and 5 denote the column
vectors with complex entries s1, ..., sy and their complex conjugates 571, ..., Sy, respectively, and for
the conjugate transpose we have (s*)* = s as usual. We have

Vo= s (xes) =) Xisi,

and similarly for quadratic forms. The commutation rules naturally also apply to linear functions of
the Grassmannians, and therefore also, for example, (s, )2 = (. s)? = 0 for any vector s of complex
numbers. The complex numbers s; and often called bosonic variables, while Grassmannians are called
fermions, motivated by the basic (anti)commutativity of the bosonic/fermionic field operators in physics.
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3A. Determinant identities. The backbone of the supersymmetric method are the determinant identities

1 sgn(Sw)N B
iV det(H —w)

iV det(H —w) = 0y exp(i{x. (H —w)y)), Oy := 0y, 057 Oy n O

_ dNs1d3Isy dRsy d3Isy

/ exp(—isgn(Jw) (s, (H —w)s))ds,  ds: . ,
cN T T

where the exponential is defined by its (terminating) Taylor series. Consequently we can conveniently
express the generating function as

det(H —w;y)

Z(w,wy):=E dot(H —w)

E [ dsienplle (i = w0z =ifs. (1~ w)s)).

C
for w € H and w; € C, where choice of w with Jw > 0 guarantees the convergence of the integral. By
taking the w; derivative and setting w = w it follows that

0 det(H —wy) =i[()( X)e—iTr(H—w)[SS*-i—XX*]
w=w

dw; det(H —w)

3B. Superbosonization identity. After taking expectations, i.e., performing the Gaussian integration
for the entries of Y = YZ = (X —z)(X — z)*, the resolvent identity (19) will depend on the complex

Tr(H —w) ! =—

(19)

vector s and the Grassmannian vector y only via certain inner products. More specifically, after defining
the N x2 and N x 4 matrices ® := (s, y) and ¥ := (s, 5, ¥, ¥), the expectation of the resolvent can
be expressed as an integral over the 2 X 2 or 4 x 4 supermatrices ®*® or W*W in the complex and
real case, respectively. Supermatrices are 2 x 2 block matrices whose diagonal blocks are commonly
referred to as the boson-boson and the fermion-fermion block, while the off-diagonal blocks are the
boson-fermion and fermion-boson block. For supermatrices Q the supertrace and superdeterminant, the
natural generalizations of trace and determinant, are given by

X 0) . det(x)

=_— 20
Ty det(y —tx~lo) @0)

STr (x G) :=Tr(x) —Tr(y), SDet (

Ty

and the inverse of a supermatrix is

x o\ " _ (x—ty~lo)7! —xlo(y—ox"11) 21)
Ty T\ ltx—ty o)yt (y—oxTlo)7t )
The integral over the remaining degrees of freedom in ®, W other than the inner products in ®*®, U* W
can conveniently be performed using the well known superbosonization formula which we now recall.
It basically identifies the integration volume of the irrelevant degrees of freedom with the high power

of the superdeterminant of the supermatrix containing the relevant inner products (collected in a 2 x 2
supermatrix Q in the complex case and a 4 x 4 supermatrix Q in the real case).
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3B1. Complex superbosonization. For any analytic function F' with sufficiently fast decay at 4-oo in the
boson-boson sector (in the variable x) the complex superbosonization identity from [Littelmann et al.
2008, Eq. (1.10)] implies

/F(CI)*CD):/QSDetN(Q)F(Q), /szzim/dxgﬁdy 9edr, Q= (’; ‘y’) (22)

where [ dx denotes the Lebesgue integral on [0, 00), ¢ dy denotes the counterclockwise complex line
integral on {z € C | |z| = 1} and o, v denote independent scalar Grassmannian variables. The key
point is that while the integral on the left-hand side is performed over N complex numbers and 2N
Grassmannians, the integral on the right is simply over a 2 X 2 supermatrix, i.e., two complex variables
and two Grassmannians. Note that the identity in [Littelmann et al. 2008] is more general than (22) in the
sense that it allows for bosonic and fermionic sectors of unequal sizes. For the case of equal sizes, which
concerns us, the formula gets simplified, the measure DQ in [Littelmann et al. 2008, Eq. (1.8)] becomes
the flat Lebesgue measure since two determinants cancel each other as

det(1 —x_IUy_l‘[) det(1 — y—lzx_la) = eTr(log(l—x_lcry_lT)‘Hog(l_y_lfx_la))
— o~ Tz 1 TG oy IR+ e T k) L, (23)

where the sum is finite and the last equality followed using the commutation rules.

3B2. Real superbosonization. In the real case we similarly have the real superbosonization identity from
[Littelmann et al. 2008, Eq. (1.13)]:

[ FUw) = fQ SDetV/2(0)F(0).

1 det(y) 1/2 x1 —1/2
/Q—(zn—)zl[dx¢dy Bg(det(x)) det(l—TUf) .

The supermatrix Q has 2 x 2 blocks: x is nonnegative Hermitian, y is a scalar multiple of the identity

(24)

matrix. The off-diagonal blocks o, t are related by

- 01 0 —1
ri=—teo'tsl = o) =] o)

Here the [ dx integral is the Lebesgue measure on nonnegative Hermitian 2 x 2 matrices x satisfying

00
/dx::/ dx”/ dETtxlzdSsxlz,
0 [x12]<x11

and the fermionic integral is defined as 0y := 0g,, 055,00, 0oy, Furthermore, under the slight abuse

X11 = X22, i.e.,

of notation of identifying the 2 x 2 matrix y, which is a scalar multiple of the identity matrix, with the
corresponding scalar, ¢ dy is the complex line integral over |y| = 1 in a counterclockwise direction.
Unlike in the complex case, the matrix elements of the 4 x 4 supermatrix Q are not independent; there are
only 4 (real) bosonic and 4 fermionic degrees of freedom. These identities among the elements of Q stem
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from natural relations between the scalar product of the column vectors of W. For example the identity
(s,s) = (5,5) from the first two diagonal elements of (V*W) corresponds to x1; = x22, while (¥,%) =0

;= [ 022 On
—021 —O011

encoded in the last line of (24) corresponds to relations between scalar products of bosonic and fermionic

is responsible for y15 = 0. The relation

vectors and their complex conjugates; for example 7,1 = —031 comes from the identity (W*W)4; =
(—j,8) =—(5, ) = —(¥*W),3, etc.

3C. Application to Y7 in the complex case. Our goal is to evaluate E Tr(H —w)~! asymptotically on
the scale where E is comparable with the eigenvalue spacing. We now use the identity

Te(Y —w)"' =i / (5. y)ei T =D (X" D) —wl(ss™+ 12")

(25)
— i/(X, X>eiw(s,s)—iw(X,x)—iTr(X—z)(X*—E)dND*
for w = E +ie with |E| > € > 0. We now compute the ensemble average as
E o~ TTX—D)(X*-) 00"
NN DP* 5
= (—) /exp[—N TrX*(l +i N )X+iETrCI>d>*X+iZTrX*CI>CI>*—i|Z| TrCIDCID*}
T
oo\ s . i of @O\
= SDet| 1 +1i expl —i|z|*| Tr &®™ — — Tr dO*( 1 +1i dO* | ],
N N N
SDet 1+'q>*q> o i|z]2Trd( 1+ Lpro _lcb*
= SDe i exp| —i|z|* Tr — ,
N P N
*p\ N ) R
= SDet| 1 +1 N exp| —N|z|* STr l—i-NCD P N@ D). (26)

To perform the f = fCN ds d, integration in (25) we use the superbosonization formula (22) for the
function

* ~CD*CD N 2 i * ! i * : *
F(®*®):=(yx, x)SDet| 1+i N exp|—N|z|*STr 1+N® P N@ O+iwSTro ™ d ). (27)

We view F as a function of the four independent variables collected in the entries of the 2 x 2 matrix
®* . Strictly speaking the function F is only meromorphic but not entire in these four variables, but
since the integration regimes on both sides of the superbosonization formula are well separated away from
the poles of F, a simple approximation argument outlined in Appendix A justifies its usage. Together
with the change of variables ﬁ 0 +— Q it now implies that

’

ETe(Y —w)~! = N/ 3eNWSTHO)N log SDet(Q)~N log SDet(1+0)—N |z STr(1+0) ' ©
Q/

where |, 0’ indicates the changed integration regime due to the change of variables, more specifically,
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under Q' the x-integration is over [0, ico) and the y-integration is over a small circle {u € C | [u| = N~!}.
Note that the change of variables through scaling does not contribute an additional factor, since superde-
terminants are scale invariant. It remains to perform the Berezinian integral. To do so we split

0=q+ _(x 0 (0o
_q /"L’ q_Oy’ lu/__L_O

exp(—N log SDet(1 4+ Q)) = exp(—N STrlog(1 + g + 1))

N
= exp(—N STrlog(1 +¢g) + > STr(1 +¢) ' u(1 + q)_l,u)

and compute

oT
= exp(—N log(1 + x) + N log(1 + y))(l + Nm)’

exp(N log SDet(Q)) = exp(N log(x) — N log(y)) (1 — N%)
and

exp(—N|z|* STr(1 + 0)~1 Q)
=exp(—Nz>STe[(1 +9) 'g— 1+ ¢) ' ul+¢) ' +9)7"))

—exp(-N|zP—— 4 NP2 )1+ V22— P,
- oxp 1+x I+y A+00+n\1+x " 1+y))

By combining these identities we arrive at the final result:!

N2 [ee)
ETr(Y —w) ' = — dx%dye_Nf(xHNf(y)y~G(x,y),
2mi Jo
1 1 21> | Iz ]
G(x,y):=—— 1+ + . (28)
(x.7) xy (1+X)(1+y)[ I+x 14y
1 2
f(x):= log tx_ [ — WX,

S 14x
where the x-integration is over (0, icc0) and the y-integration is over a circle of radius N ! around the

origin.

3D. Application to Y ? in the real case. We now consider the real case and introduce the N x 4 matrix
W= (5,5, x, %), the 2 x 2 matrix Z := (7 2) and the 4 x 4 matrix Z5 := (% 2), and use that
FTrOO*X +iz Tr X' 0O* = %Tr WZIWFX + %TrXt\IszlIl*, (WZoW*) = WZ2 W™,

IEgsentially the same formula, obtained by direct computations, was presented by M. Shcherbina in her seminar talk on
Jan 11, 2016 in Bonn. Our derivation of the same formula via superbosonization is merely a pedagogical preparation to the much
more involved real case in Section 3D.
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to compute

Ee—iTr(X—z)(X’—?)CIJCD*
2

N 2 N t 21 * — * . t X . 2 *
=E 7 exp —?TrX 1+N<I><D X+HizTrdd* X +izTr X D™ —i|z|“Trd P

N 2/ NTX’ 1+i\1n1:
=E|— exp|——Tr —
2 P73 N

i
=SDet| 1+—U*¥
e(+N

2
X+2Tr\D22\If X—i—;TrX \IJZZ\I’*—%T A )

1——\11 1+i\IJ\IJ* _llI’ Z,v*
N N

—1
1 Y*y Z,U*
+N ) 2 )

|
N =
=
S
MN

i /2 i
=SDet(1+ﬁ\P*\IJ) exp(——Tr\IJZ2

—SDet{ 14+ — i U* g STr 1+i\p*\p _lzzi\p*\yz* (29)
N N N 2 )

where we used that X is real and WW™* is symmetric. The superbosonization formula thus implies

N / Tr(y) det(y)!/?
- 2(2m)2i det(x)1/2

X exp(%[STr(wQ)—log SDet(14 Q)+log SDet(Q)—STr(1+ 0) 'z, QZ;])

N /Tr(y) de‘[(y)l/2
- 2(27)2 det(x)1/2

X exp(%[STr(wQ) —STrlog(1+ Q)+ STrlog(Q)—STr(1 + Q)—lzzgz;]),

_(x o\ _ 1 g« (0 1\ ,(01
o=(;)=wwv =G0 (Vo)

In order to expand the exponential terms to fourth order in o we introduce the shorthand notation

0 0
0 =q+pn, q=(g y), =(T g) (30)

ETr(H —w) ' =

exp(—3 logdet(1 —x"'oy~'7))

exp(—% Trlog(1— x_lay_lt))

where

We compute

STr(1+ Q)1 Z,0Z% =STr(1+q) "1 Z2qZ3
—STr(1 +q) ' +q) " (ZopZ5 — (1 +q) ' Z29Z3)
—((1+9)™ ™A+ N ZonZs — (1 +q) " Z2q2Z3),

=Tr(1+x)" ' ZxZ* - |z|2Tr% —Tr(cZtZ*A+ ZoZ*tA)
y

+TrotAC' —TrotA(cZtZ*A+ ZoZ*tA) + TrotAotAC’,
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where we introduced matrices A, C’ as in

1 —1
A= —( +x)
1+y
B = x—_l
y
Ci=ZxZ* (A +x) Lz,
I1+y

as well as B, which will be used in the sequel. In deriving these formulas we used that ¢ and Z, have
zero off-diagonal blocks and p has zero diagonal blocks, to eliminate terms with odd powers of p after
taking the supertrace, and that y is a scalar multiple of the identity. Similarly we find for the logarithmic
terms

STr(log(g+p)—log(1+q+pu))
=STrlog(g(1+¢) ") —4 STr(¢ ' 1)>— 1 STr(g ' ) *+4 STe((1+¢) ' 1)>+ 1 STr((14+q) ' )*

det(x) . det(y)

=log—————— Trot(A—B)+1 Tr(ctA)?>—1 Tr(octB)?
Ogdet(1+x) Ogdet(1—|—y)+ rot( )43 Tr(otA)*—5 Tr(o T B)

and
—% Trlog(1—x"loy 1) = %TrarB + %Tr(orB)z.
Hence
_ N Tr(y) det(y)1/2 N N
ET H_ 1 = d d - - 1A - ~ G b b b
()™ = 5o [axgay ST e -5 7@+ 3 /0062

det(14+x)

— AT ZxZ*(1+x) "' =2|z|?,
det(x) +TrZxZ™(1+x) |z|

f(x):=—wTrx+log
N / 1 * *
G(x,y,z):= 05 exp ?(Trar(A(l—C )—(I—N)B)—i—Tr(aZrZ A+ZoZ*tA)
+TrotA(orA(%—C/)—|—oZrZ*A+ZaZ*rA)—%(1—%) Tr(arB)z):|, (31)
where f dx = f dx11 dNRx12dIxgz is the integral over matrices of the form
(ix11 ixlz)
x=(.___.
1X12 1X11
with x11 € [0, 00) and x15 € C with |x12| < x11. The integral gﬁdy = 95 dy11 is the integral over scalar
matrices y = y;1/ with d y;1 being the complex line integral over |y;1| = N ! in a counterclockwise
direction.

To integrate out the Grassmannians we expand the exponential to second order, use the relation (30)
between o and 7, and use that for 2 x 2 matrices X and Y which are constant on the diagonal
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(x11 = Xx22, Y11 = y22) we have the identities
N2
?aa T2 (0ZtZ*X + ZoZ*tX) = —4N?|z|?(Rz)? det(X) + N2|z|*(3z2)? Tr?(X),
N? 2 2
?30 Tre(otX) = —N*det(X),

N2
Ta(y Tr(otX) Tr(6ZTZ*Y + ZoZ*1Y) = 2N*(Nz)*(Tr(XY) — Tr(X) Tr(Y))

+2iN2(32)(Rz)(X12Y21 — X21Y12),

%30 Tr(ctXotY) = N(Tr(X) Tr(Y) — Tr(XY)),
%ag TrotX(0ZtZ*X + ZoZ*tX) = AN(Rz)? det(X).
Hence we finally have the expression
G =-N? |:det(A(1 —C— (1 — %)3) + (4]z]*(Nz)* +2(R2)*(2—TrC’)) det 4
—|z]?(3z2)?> Tr? A — 2(mz)2(1 - %)(TrA Tr B —Tr AB)
—2(Rz2)%(Jz)? det A det(1 + y)(4 det(x) — Tr? x)]
+N (det(A)(l +4R2)>—TrC’) — (1 — %) det(B)). (32)

We now rewrite (31) by using the parametrizations

_ a av/1—te® _(£0
X = (ame_iw a )a y = (0 E)? (33)

witha € iRy, 7 €[0,1], ¢ €[0,27] and |£| = N~!. Since the integral over ¢ € [0, 27] is equal to 27
as a consequence of the fact that the functions f, g, Gy defined below do not depend on ¢, we have that

N ico 1 2
ETr[Y —w] ! = — @ d¢ da drs—aeN[f(g)_g(“’f’")]GN(a, 7,§,2), (34)
4mi 0 0 r1/2

where, using the notation 7 := 3z, the functions f and g are defined by

o Els
f§):= —wE+log(1+$)—10gE—1+$, (35)
2 2,201
gla,t,n) = —wa—i—%log[l—i—Za +azr]—loga—%logr— 270 +a) —2r7a”"(1 r). (36)

1+2a+a?t

Note that g(a, 1,n) = f(a); in particular, we remark that g(a, 1, n) is independent of 5 for any a € C.
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Furthermore, using the parametrizations in (33) the function Gy := G,y + G2 n is given by

_ 2 P2,00 _ P1,0,0 2 P201 P1,0,1 2¢2 P2,0,2
R v e i =
x((@®t+2a+1)*E+1)3) 71, (37)

P2,2,0 2P1,2,0 2.2¢P2,2,1 2 2 2y—1
Gan = N*np? -N +N 8—)x a’t42a+1)*(E+1 :
where p; ;= p; jx(a,t,§) are explicit polynomials in a, 7, § which we defer to Appendix B, n:= 3z
and 8 := 1 — |z|%. The indices i, j, k in the definition of Pi,j.k denote the N, n and § power, respectively.
We split Gy as the sum of G; n and G, n since G,y depends only on |z|, whilst G, y depends
explicitly by n = J[z], hence G, y =0if z € R.

4. Asymptotic analysis in the complex case for the saddle point regime

For the density of states py- on the positive semiaxis £ > 0 we expect a singular behavior for £ ~ 0 and
a square-root edge for £ = ¢4. The singularity at £ = 0 exhibits a phase transition in § at 0; for § > 0 the
transition is between an E~!/3-singularity for § = 0 and a §'/2 E~1/2_singularity for 0 < § < 1, while

1/3_gingularity for § = 0 and square-root edge in e_ ~ |§|3 of

for § < 0 the transition is between the £~
slope |§|7>/2. We now analyze the location of the critical point(s) X, i.e., the solutions to f’(xx) = 0,
as well as the asymptotics of the phase function f around them precisely in all of the above regimes. For
the saddlepoint approximation the second derivative f”(x4) is of particular importance and we find that
it can only vanish in the vicinity of £ ~ ¢4+ and E ~ ¢_ V 0, and otherwise satisfies | /" (x4)| = 1.

The saddle point equation f’(xx) = 0 leads to the simple cubic equation
Wwx3 +2wx2 + wxy 4+ 6xs +1 =0,

which is precisely the MDE equation from (11), whose explicit solution via Cardano’s formula reveals
that for £ € (e—, e4) there are two relevant critical points X, Xx with N f(xx) = N f(Xx), while for
E >¢4 or 0 < E <e¢_ there is one relevant critical point x, where x, is given by

e~ 2i7/3 3/q + fqz + p3 4 ¢2im/3 B/q_ /qz + p3— % E <e_,
o =12 g 1 P PP e g P PP -2 e <E<ey
(38)
§/q+ q2+p3+i/q—\/q2+l?3—%, E>ey,

8 1 N
1=35 27 280 P T3E o

where g2 4 p3 >0aslongas E € (e_,e4) and g2 + p3 <0 for E > ¢y or E < ¢_. Here we chose the
branch of the cubic root such that ¥/R = R and that 3/z for z € C\ R is the cubic root with the maximal
real part. Note that the choice of the cubic root implies Jx4 > 0 and x4 = x4 (E) = m?(E +1i0), where
m? has been defined in (11).
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-3 0 3 0 3 -3 0 3
1 1
0 B S O Yo 0
-1 -1
-1 0 1 -1 0 1 -1 0 1

(@ E. <0 (b) |[E4+| =0 ) E+>0

Figure 3. Contour plot of ) f(x) in the regime E =~ ¢4. The solid white lines represent
the level set N f(x) = N f(xx), while the solid and dashed black lines represent the
chosen contours for the x- and y-integrations, respectively.

Before concluding this section with the proof of Proposition 2.2, we collect certain asymptotics of the
critical point x4 and the phase function f in its vicinity, which will also be used in the main estimates of
the present paper in Sections 5-6. In the edges ¢4 the critical points have the simple expressions

2
3+/9-85
and satisfy xx(e4) ~ —1 and x«(e—) = —3/(26)[1 + O(|§])]- Elementary expansions of (38) for £ near
the edges reveal the following asymptotics of x4 in the various regimes.

Xx(ex) = —

Regime E ~ e4. Close to the spectral edge E ~ ¢4 we have the asymptotic expansion

X = xa(e4) + 74+ VEL (1 4+ O(EY]) (3%)

in E4 := E — ey, where y4 was defined in (18b). The location of saddle point(s) in the regime E ~ ¢4
is depicted in Figure 3. The second derivative of f is asymptotically given by

2VE+

f! o) = =51+ OEY)), (395)
Regime E ~ 0 in the case § > 0. For E = 0 we have the asymptotic expansions
_ )
X« =FE 1/3w(m)[1 +0@6+ EV3), (40a)

where W(A) is the unique solution to the cubic equation
1+ A0 +PA)3 =0, RY@A)>0, IPA)>0, A>0.

The explicit function W(A) has the asymptotics
‘ W(A
lim (1) = ¥(0) =73,  lim Y _ i
ANO A—>00 \/I
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0.1 -0.1
_ _
(@ 0<8 < E1/3 <1 (b) 0<E1/3 <8

Figure 4. Contour plot of % f(x) for § > 0 in the regime E = 0. The solid white lines
represent the level set N f(x) = N f(x4), while the solid and dashed black lines represent
the chosen contours for the x- and y-integrations, respectively.

—(iy2 -1+ ) (1+0(E
“=\NVE 25 53
eiﬂ/3 2 ) S
_ _ = /3
= (E1/3 3)(1+0(E + E1/3))’

where the first expansion is informative in the E < §3, and the second one in the E > §3 regime. The
location of saddle point(s) in the regime E = 0 is depicted in Figure 4. For the second derivative we have

8
1z 21 /3 4/3
f"(xs) =37 E (1+O(E+E1/3))

153/2 E
e (1+0(5)

and similarly for higher derivatives, | f ®) (x,)| ~ EGHK)/3 o ple+1)/25=(k=1)/2 for | > 3,

Thus it follows that

(40b)

the expansions

(40¢)

Regime E = ¢_ in the case § < 0. Around the spectral edge e— the critical point admits the asymptotic

expansion
|E|YV2\\ \iV|E_|. E_=0,
= - (1+0
Xx X*(e )+V ( + ( 83/2 |E_| E_<o.
_ 1 eiﬂ/3 + ieiﬂ/3 (1 +O(|E|l/3)) +0 |5|2 (413)
T E1/3 3 E1/3 E2/3))°
where E_ := E —e¢_, and these separate expansions are relevant in the | E| < |§]® and | E| >> |§|? regimes,

respectively. The location of saddle point(s) in the regime E = e¢_ is depicted in Figure 5. The second
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0.1 -0.2 0 0.2 -0.2
— —
(a) |5|3 < E_ (b) |E_| < |8|3 () E_« —|8|3
0.2 -0.2

S —

(d E_~|8|3 (e) E_~—|8|3

Figure 5. Contour plot of )i f(x) in the regime E = e¢_. The solid white lines represent
the level set N f(x) = N f(x«), while the solid and dashed black lines represent the
chosen contours for the x- and y-integrations, respectively.

derivative around x is given by
VIE-|, E_<0,

2in/3 4/3 3]
273543 (1+0(£ 4 4l ). (@1b)

£ (o) = yi(l +O(E_['2[8173/7))

with y_ ~ |§]7%/2.

Proof of Proposition 2.2. As the functions f and G in (28) are meromorphic we are free to deform
the contours for the x- and y-integrals as long as we are not crossing O or —1 and the x-contour goes
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out from 0 in the “right” direction (in the region NR[x] < 0, I[x] > 0 in Figure 3, and in the region
N[x] > |I[x]| in Figures 4-5). It is easy to see that the contours can always be deformed in such a way
that N f(x) > N f(xx) =R f(x%) and N f(y) <N f(x«) for all x, y # x«, Xx; see Figures 3-5 for an
illustration of the chosen contours.

We now compute the integral (28) in the large N limit when E is near the edges. In certain regimes of
the parameters NV, E and § a saddle point analysis is applicable after a suitable contour deformation. In
most cases, the result is a point evaluation of the integrand at the saddle points. In some transition regimes
of the parameters the saddle point analysis only allows us to explicitly scale out some combination of the
parameters and leaving an integral depending only on a reduced set of rescaled parameters.

We recall the classical quadratic saddle point approximation for holomorphic functions f(z), g(z)
such that f(z) has a unique critical point in some z, and that y can be deformed to go through z, in such
a way that i f(z) < N f(z«) for all y > z # z4. Then for large A > 1 the saddle point approximation is
given by

2w i 7 1
Af(z) _ Af(z%) . —sarg [ (zx)
z)e dz = +g(z4)e ——je 2 1+0(-)), 42
/yg( ) 8¢ ALS7(z4)] ( (l)) 2

where =+ is determined by the direction of y through z. with + corresponding to the direction parallel to
iexp (—% arg f" (z*)). This formula is applicable, i.e., we can use point evaluation in the saddle point
regime, whenever the lengthscale £y ~ (N | f"” (x%)])~1/2 of the exponential decay from the quadratic
approximation of the phase function is much smaller than the scale £g ~ |g(x«)|/|Vg(xx)| on which g

is essentially unchanged. For our integral (28) we thus need to check the condition

-1

1 ‘V(yG(x,y)) 43)

N|f"(x5)| yG(x,y)

(x,y)=(x*,x*)

in all regimes separately.
In the regime E ~ ¢4, using the asymptotics for x4 from (39a) and (39b), the quadratic saddle point
approximation is valid if

< |E4|V2,

1
VN|E4|1/2

ie., if |[E4| > N72/3. Here the length-scale |Ey|'/? represents the length-scale on which (x, y) —
yG(x, y) is essentially constant which can be obtained by explicitly computing the log-derivative

'V(yG(x, y)

~|E4|7V2
yG(x,y)

(x,3)=(xx,Xx)

Similar calculations yield that for £ &~ 0 and 6 > 0 the quadratic saddle point approximation is valid if
1

\/N(E4/3 A E3/2§-1/2)

K E"V3§Y2ETY2 e E> N 32ANT2571,
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while for £ & e— and § < 0 the condition (43) reads
1

\/N(E4/3 v |E_[1/2]5]5/2)

S ETVRAIE2S752, e, |E-| > N7,

recalling that £ = E_ +¢_ and ¢ ~ 83 from (18b).
In these regimes we can thus apply (42) to (28) and using that

G(xx, X) = [ (x), G(xx,%Xx) =0,

as follows from explicit computations, we thus finally conclude (14). Here the error terms in (14) follow
from (42) by choosing A ~ ({4 /£ f)2 according to asymptotics of the second derivatives and log-derivatives
above. More precisely, for example in the second case E ~ 0 and E 1/3 58> 0, the phase function f is
approximately given by

~E23 - gl
T~ £ 3[2<E1/3x> a4 3’6}’

while G can asymptotically be written as
YG(x,y) ~ X G (xx, x5) + 3E3ATB2(x —x,) + (v — x4)) + O(E>3(|x — xa]® + [y — x4 2).

Thus we make the change of variables x = x4 + E~1/3x", y = x4 + E~'/3)/ to find

x/2 y/2 X2 2

2
N_E—2/3/dx//dy/e—NE_2/3f”(x*)(2—2)—NE_1f”’(x*)(6—'V6)+O(NE2/3(|x’|4+y’|4))
2ri

1
—x(1+o(5z7))

where we used that G (xx, x«) ~ E4/3. The other cases in (14) can be checked similarly. O

X (3 G (X, Xx) + 3EA3(y 4 2x") + O(E(IX > + ')

5. Derivation of the 1-point function in the critical regime for the complex case

In this section we prove Theorem 2.1, i.e., we study E Tr[Y — w]™!, withw = E +ie, 1> |E|>€>0,
for E so close to 0 such that | E| is smaller or comparable with the eigenvalues scaling around 0. We will
first consider the case § > 0 and afterwards explain the necessary changes in the regime —C N —12 <5 <0.

5A. Case 0 < § < 1. In the following of this section we assume that £ > 0, since we are interested in
the computations of (28) for £ = %[w] inside the spectrum of Y. In order to study the transition between
the local law regime, that is considered in Section 4, and the regime when the main contribution to (28)
comes from the smallest eigenvalue of Y, we define the parameter

1
N3/2 A SN2°
In particular, in the regime E >> ¢(N) the double integral in (28) is computed by saddle point analysis

c(N)=c(N,§) =

(44)

in (14), i.e., the main contribution comes from the regime around the stationary point xx of f, with x
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defined in (40b), whilst for £ < ¢(N) the main contribution to (28) comes from a larger regime around
the stationary point x.. From now on we assume that £ < ¢(N). In the following we denote the leading
order of the stationary point x, by

Zx = 24(E, 8) := E"YV3W(SE~1/3), (45)

where W(1) was defined in (40a) and has the asymptotics ¥(0) = ¢'™/3 and W(1)/v/A — i as A — oo.
Note that |z,| > 1 forany £ <« 1, 0 <& < 1. For this reason, we expect that the main contribution to
the double integral in (28) comes from the regime when |x| and |y| are both large, say |x|, |y| > N®, for
some small fixed 0 < p < 1/2. Later on in this section, see Lemma 5.4, we prove that the contribution
to (28) in the regime when either |x| or |y| are smaller than N” is exponentially small. In order to get the
asymptotics in (13a), is not affordable to estimate the error terms in the Taylor expansion by absolute
value. In particular, it is not affordable to estimate the integral of e®: 7O over T by absolute value, hence
the improved bound in (54) is needed. To make our writing easier, for any R € N, R > 2, we introduce
the notation

O*xR):={g e Pr}, O%(x,y)®):={g € Qr} (46)

where Pgr and Qg are defined as Laurent series of order at least R around infinity, i.e.,

Pr 3:{8’:03—)@'8'(95): Z ;_Z’ with |¢q| < C%, if x| = 2C¢,

a>R

QR := {g:CxCa@‘g(x,Y)= ) C:’ﬂg’ with |cq g] < C*TPif |x|.|y| > 2C1,
a,ﬂzl,a—i—ﬂsz Y

for some constant C > 0 that is implicit in the O* notation. Here «, B are integer exponents. Note that
#0 |—R —-R
O™ (Ix[7) = O(lx|™™)

for any x € C. Then, we expand the phase function f for large argument as follows
) ) 1
f(x)=gx)+0* (x> +68x72), g(x):=—(E +ie)x + ~tia (47a)
and for large x and y we expand G as

_ _ 11 18 8
G(x,y)=H(x, )+0*((x, ) +8(x, )7, Hx,y):=5—+F55+——S+—5+5= @4b)
X3y T x2y2xy3xy? x%y

In order to compute the integral in (28) we deform the contours A and I" through z, with z, defined
in (45). In particular, we are allowed to deform the contours as long as the x-contour goes out from zero
in region N[x] > |3J[x]|, it ends in the region N [x] < 0, I[x] > 0, and it does not cross 0 and —1 along
the deformation; the y-contour, instead, can be freely deformed as long as it does not cross 0 and —1.
Hence, we can deform the y-contouras I' =1I';, :=T1 ;, UI2 ;,, where

Iz = —% +it:0<|t] <+/|z«* — g } Iz, = {z¥1e'Y v e [=vs,, 2]}, (48a)



124 GIORGIO CIPOLLONI, LASZLO ERDOS AND DOMINIK SCHRODER

-0.2 0 0.2
[ [ I
5 . 5
0 0
-5 -5
-6 -3 0 3 6 -6 -3 0 3 6

(@ 0<8 <K EV? «1 () 0<EV3«k$§

-0.5 0 0.5

Figure 6. Illustration of the contours (48a)—(48b) together with the phase diagram of
N f, where the white line represents the level set ) f(x) = N f(z«). Note that the precise
choice of the contours is only important close to 0 and for very large |x| as otherwise the
phase function is small.

with V,, = arccos[—2/(3|z«|)], and the x-contour as A = A, := Az, UA> ;,, with
A1z, =10,]z«]), A2z, :={|z«| —gs+is: s €[0,+00)}, (48b)
where
q = gz 1= S[za] 7 (|24] = Rza]). (48¢)

Note that ¢ ~ 1 uniformly in N, E and 8, since N[z«] < J[z«] forany E < 1, 0 <§ < 1. We assume
the convention that the orientation of I' is counter clockwise. See Figure 6 for an illustration of I" and A.

Before proceeding with the computation of the leading term of (28), in the following lemma we state
some properties of the function f on the contours I', A. Using that € < E, the proof of the lemma below
follows by easy computations.

Lemma 5.1. Let f be the phase function defined in (28), then the following properties hold true:
(i) Forany y = =2/3+it € I'1 ;,, we have that

R[f(=2/3+11)] = %+6t—#+0(|t|_3+8|t|_2), (49)
and 5 3
S[f(=2/3 +i1)] = ?E—Et—;+(’)(|t|_3). (50)

(ii) For € =0, the function t — R[f(=2/3 +it)] on I'1 z, is strictly increasing if t > 0 and strictly
decreasing if t < 0.

(iii) The function x — N[ f(x)] is strictly decreasing on A1 z,.
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(iv) Let x € Ay 7, be parametrized as x = |zx| —qs +is, for s € [0, +00), with q defined in (48c), then
8(|zxl=gs) | (1=28)[(|zx|—¢s)*—s7]
s2+(gs—|z«)*> (2 +(gs—|z«)?)?

Despite the fact that saddle point analysis is not useful anymore in this regime, we expect that the

R[S (x)] = —E(|z4]—qs)+es+ +O([s2+]z+[27%/2). (51)

main contribution to (28) comes from the regime in the double integral when both x and y are large, i.e.,
|x],|y| = NP. For this purpose we define

Ri={xeAis x| NP, Ti={yeli. |yl<N?. (52)

In the following part of this section we will first prove that the contribution to (28) in the regime when
either x € A or y € T is exponentially small and then we explicitly compute the leading term of (28) in

the regime _ _
(x,y) € (ANA) (T D).

For this purpose, we first prove a bound for the double integral in the regime y € "\ ForxeA \ A
in Lemma 5.2 and Lemma 5.3, respectively, and then we conclude the estimate for x € A or yE I in
Lemma 5.4. Finally, in Theorem 2.1 we consider the regime (x, y) € (A \ A) x (I' \ T') and compute the
leading term of (28).

Lemma 5.2. Let ¢(N) be defined in (44), E S c¢(N), b € N, and let [ be defined in (28), then

|Z*|, b = 0,
NfG) 1+ [log(N |z4|72 b=1,8<|z4| !
[ 0] s {1 BN D =7 5
n\fy 1+ [log(N8[z+| "), b=1,8=|z«|7",
NZ2ANSIE, >0,
where T, T are defined in (48a) and (52), respectively. Furthermore, we have that
Nf()
/ MO dy = o(NV2 v (N6)), / ¢ dy =0(1). (54)
I r\r
Proof. First, we notice that if y € '\ T then |y| > N®, hence we expand f as in (47a), i.e.,
_ ) 1 _ _
SO =~(E+iey+ 455 +00] S+, (55)
Moreover, by (45) it follows that |z«| ~ E~'/3 v ~/§E=T, and so that
INf(y)| < NE?/3 + NVSE (56)

for any |y| ~ |z«|, E <c(N). Note that [\ T = (T'; ,, \T)UTy ;,, with Ty ., Ta_, defined in (48a).
By (56) it easily follows that [N f(y)| <1 forany y € I'; -, , which clearly implies that

/ eNSF)
1—‘2,2*

——ldy] S |z (57)
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To conclude the proof of (53) we bound the integral on I'y 7, \ . Let w = E + ie, then in this regime,
by (49)—(50), we have

eNF)
[
Frz\I Y

/«/|z*|2—4/9
=—i

NP

o~ Niwr+if] N[iwr+if]
+
(=2/3+it)b * (=2/3—it)b

e—N[1/(2f2)+0(|f|‘3+5|f|‘2)1x( )(H—O(NE))dt. (58)

For any b € N, we estimate the integral above as follows

NS |24l =302 T2
/ B 3 dy‘ < ‘/ — dt
1-‘I,Z*\F y NP t

Note that in (59) for b = 0, 1 we get the bound in the r.h.s. bringing the absolute value inside the integral,
whilst this is not affordable to get the bound for » > 2, since the term N/t has to be used. Indeed,
we would get a bound N (1=b)/2 for h > 2 if we estimate the integral in (59) moving the absolute value

|2, b =0,
14+ |log(N|z«|72)|, b=1,68<|z.|7",
14+ log(N8|z«|™Y)|, b=1,8> |z« ",

1

N2 AP, h>2.

<

(59)

inside. In the following part of the proof we compute the integral (58) for b = 0, 1 without estimating it
by absolute value.

In particular, for b = 1, we prove that the leading term of the r.h.s. of (58) is O(1), instead of the
overestimate 1 + |log(N |z«|72)]| in (59), as a consequence of the symmetry of Iy, with respect to 0.
For this computation we have to distinguish the cases § > N~Y/2 and § < N~V2. If E ~ ¢(N) and
8§ < N~Y2 then N|z«|72 ~ 1, hence the bound in (54) directly follows by (57) and (59). We are left
with the cases E < ¢(N) and E ~ ¢(N), § 3> N~Y2. For § 3 N~/2, we have |z«| ~ \/5/_E and
using |[Nwt| < NE|z«| < 1, if E < c¢(N), and |[Nwt| ~ 1, if E ~ ¢(N), we conclude

dt +O(1) = [log(N§|z«| ™| + O(1).

/«/lz* 2—4/9 ,~N[1/@t})+£id irw] /«|z*| o~ N/@t)+is

No —2/3+it - No

Similarly we prove that the integral in the Lh.s. of the above equalities is equal to [log(N |z«|~2)| + O(1)
if § « N~1/2_ Similar calculation holds if the denominator is (—% — it) instead of (—% + it), just an
overall sign changes. Thus the leading terms from the two parts of the integral in (58) cancel each other.
We thus conclude the second bound in (54) combining the above computations with (57) and (58).

Next, we compute the integral of eV O on I'\T, i.e., we prove the first bound in (54). We consider only
the regime E < ¢ (), since in the regime E ~ c(N) the bound in (54) follows directly by (57), (59), and
the definition of ¢(N) in (44), since |z«| ~ N1/2 N§. On T2z, using the parametrization y = |z4|e'¥,
and that by (56) we have [Nf(y)| < 1 for E < ¢(N), we Taylor expand ¢N/®) and conclude that

I 2y
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Furthermore, by (58) for b = 0, using that £ < ¢(N) and so that [Nw¢| < 1 on I'1 z,, we have
[ eNO) 4y = 2ijze |+ O(N V2 v NS).
1“l,z*\r‘

The minus sign is due to the counter clockwise orientation of I, i.e., the vertical line I'y ;, is parametrized
from the top to the bottom. Combining this computation with (60) and using that

NE|z4|> 4+ N§ + N|zo| ' < N2 + N§,
since |z« ~ E~1/3 4+ V/8E=1 by (45), we conclude the proof of this lemma. O

Lemma 5.3. Let ¢(N) be defined in (44), E < ¢(N) and let f be defined in (28) and a € R, then the
following bound holds true:

[A\Z\

where A, A are defined in (48b) and (52).

|z«|'7¢ + (NE)* 1, a<1,
1+ |log(N|z«|72)], a=1,8<|z«|,
1+|10g(N8|Z*|_1)|’ a=1,8> |z,
N3 AN, a>1,

N/ ()

[dx| < (61)

x4

Proof. We split the computation of the integral of V() x=@ as the sum of the integral over A1z, \ A
and A, z,. Using the parametrization x = |z«| —gs +1is, with s € [0, 4-00) and g defined in (48¢), by (51),
we estimate the integral over A, ., as follows:

(Izx1=g$)%+52 " 2[(|zx|—gs)>+s2]2

dx 5/ ds.
/Az,z* . 0 [(I24] — g5)2 + 52]2/2

We split the computation of the integral in the r.h.s. of (62) into two parts:

al _ 8(zx|—gs) (zx]—gs)2—s2
o~ NS () +00 N[ E(|zx|—gs)+ + ]

a (62)
X

Is| €[0,|z«|) and s € [|z«], +00).

Since g ~ 1 and NE|z«| < 1, in the regime |s| € [0, |z«|) we estimate the integral in the r.h.s. of (62) as

_N5§_ _N_

NE o P = R P .

e 'Z*'/ —  ds <z (63)
0 |z |
In the regime s € [|z«|, +00), instead, we have
-1
+oo ,—NEgs (NE)*, a<l,
eNEIz*I/ A5 S V14 log(VE|z ]|, a=1. (64)

|Z]

|z« |14, a>1.
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We are left with the estimate of the integral over Aj z, \ A. As for the bound in (59), using that
A1z, \A =[NP, |z.|) and that NE|z,| < 1, we have that

|z« |1 79, a<l,
—Nf@) 2l o= 7502 1+ [log(N|z«|72 =1,8 < |z4|7!
[ s [ gy |1Vl a= <l (o
Az \A| X7 NP 54 1+ [log(N8|z«|7D), a=1,8=|z4|7",
N3 AW, a>1.
Combining (62)—(65) we conclude the proof of (61). O

Using Lemmas 5.2 and 5.3 in the following lemma we prove that the contribution to (28) in the regime
where either x € A or y € T is exponentially small.

Lemma 5.4. Let ¢(N) be defined in (44), and let f, G be defined in (28), then, as € — 0%, for any
E < ¢(N) we have that

‘(/ dx/ dy_/ ) dx/ ~dy)[eN[f(y)—f(x)]yg(x’y)]
A r A\A r\f

< NP(NY2 4+ N8+ |log(NE?'?)))e

3N (66)
Proof. We split the estimate of the integral over (A x T') \ [(A \ A) x (I' \ I')] into three regimes:
(x, y) eAxT, (x, y) € Ax (T \ D), (x. y) € (A\ A)xT. By (ii), (iii) of Lemma 5.1, in the regimes
y e [ and x € A, respectively, it follows that the function f attains its maximum at y = —2/3 +iN” on
I" and f attains its minimum at x = N”® on A. Hence, by the expansion in (47a) it follows that

sup|e f(J’)| + suple” Nf(x)l < o~ NF(N? ) (67)
yel xel
with 5 .
Iy —3p —2p
f(NP)= + SN + O(N + NP, (68)

Then, by (67) and (68), it follows that the integral over (x, y) € A x T is bounded by N 20,=N'"*" Note
that in the regimes (x, y) € A x (I'\ ') and (x, y) € (A \ A) x T one among |x| and |y| is bigger than
NP. Hence, expanding (28) for large x or y argument, using Lemmas 5.2 and 5.3 to estimate the regimes
x € A and y e T, respectively, by (67) (68), we conclude that the integral over (x,y) € A x (I'\ ')
is bounded by N?(N1/2 4 (N§))e —N'T 0/2, and that the one over (x, y) € (A \ A) x I is bounded by

NP(1 + [log(NE2/3)|)e=N'"%/2, O
Next, we compute the leading term of (28). We define Z, as
s By N—1/2 ~1/23 E  z_ i
Zx(A,8):=N |z«(Ac(N), N 8|, A= )’ §=N"76, (69)
¢

where we also recalled the rescaled parameters A and & from (12). Note that Z, (A, §) is N -independent,
indeed all N factors scale out by using the definition of z4(E, §) from (45). Since £ < 1 and § € [0, 1],
by (69) it follows that the range of the new parameters is 6 < N 172 and A « ¢(N)™ 1.
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We are now ready to prove our main result on the leading term of (28), denoted by g5(4), in the complex
case, Theorem 2.1. Then, the one point function of Y is asymptotically given by pz(4) := J[gz(4)]. The
main inputs for the proof are the bounds in (53) and (61) that will be used to estimate the error terms in
the expansions for large arguments of f and G in (47a) and (47Db).

Proof of Theorem 2.1 in the case § > 0. By (28) and Lemma 5.4 it follows that

ETH[Y —w]! = / / dye~NF@+NFO) ) G (x, y)
27 A\A I\

FO(NP(NY2 4 NS + [log(NE2/3)))e 2N 7). (70)

Note that |x|, |y| > N” for any (x,y) € (A \ A) x (I'\ I'). In order to prove (13a) we first estimate
the error terms in the expansions of f and G in (47a)—(47b) and then in order to get an N -independent
double integral we rescale the phase function by |zx|. By Lemma 5.2 and Lemma 5.3, using that
log(N |zx|72)| + [log(N§|z«|~Y)| < [log(NE2/3)| by the definition of zy in (45), it follows that

=4 $1—d 3 .
o~ NSNS () N 2 (LA (V). b =0,
/ dX/ @ |5V ASTOY(A +log(NE?B))), a=1,b>=1, (1)
A\A r\r _ ~
\ \ Y N%(l/\SZ_d), a>1.bh>1,

for any a > 1, b € N, where d := a + b. In order to get the bound in the r.h.s. of (71) we estimated
the terms with b = 0 and b = 1 using the improved bound in (54), all the other terms are estimated by
absolute value. Note that for A < 1 the bound in (71) and the definition of A in (69) imply that

loghl, A>3§,
lim [ETHY —(E +ie)] | < N¥2(1 v §) log Al 4 =¢
e—>0T [log A8], A <§3,
if A < 1, since the leading term in the expansion of y G(x, y) in (47b) consists of monomials of the form
—ay=b witha +b =3, and §x~%y~?, with a + b = 2. This concludes the proof of (13c).
Now we prove the more precise asymptotics (13a). We will replace the functions f and G in (70)

X

by their leading order approximations, denoted by g and H from (47a) and (47b). The error of this

replacement in the phase function f is estimated by the Taylor expanding the exponent 0" +8x _2),

with OF(x =3 + §x72) defined in (46). Hence, by (47a) and (47b) and the bound in (71), as € — 0T, we
conclude that

ETi[Y — w]—1

[ [ dye NeCITNEW) F (x| y) + O((N + N3/28)[1 + |log(NE?/3)[)). (72)
~ 2mi A\A r\[

The error estimates in (72) come from terms with d > 4 or terms with d > 3 multiplied by § in (71).
We recall that A = Ec(N)™Y, § =8N/, and that |z| = N'/2%,(X,§). Then, defining the contours

= |z«|7'T, A=z« 'A, (73)
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and using the change of variables x — x|z«|, y — y|z«| in the leading term of (72) we conclude that

E Tr[Y — u)]_l =
N3/23 A,S -1 ~ ] 3 3
Z;n(—i : /F d /A dxe" s SO, c(x,y) + OV E[1+ [log All)  (74)
with h ) g(x ) and H 2 g(x, y) defined in (13b). Note that in order to get (74) we used that the integral in

the regime when either
x €0, NPzo| 71 or y € [<2|z4| 71 /3, 2|z« |1 /3 +iNP|zi| 7]

is exponentially small. Moreover, since by holomorphicity we can deform the contour A to any contour,

3ir/4

which does not cross —1, from 0 to e oo and we can deform the contour T as long as it does not

cross 0, (74) concludes the proof of Theorem 2.1. O

5B. Case § <0, |§] S N~1/2, We now explain the necessary changes in the case § < 0. Throughout this
section we assume that £ < N ~3/2. Let x4 be the stationary point of f defined in (41a); that is, the point
around where the main contribution to (28) comes from in the saddle point regime for § < 0. Then, at
leading order, x is given by 3|8|~1/2 if E < |§]3, by e™/3E~1/3 if E > |§]3, and by u(c)e™ /3 E~1/3
if E = ¢|8|3, for some function jt(c) > 0 for any fixed constant ¢ > 0 independent of N, E and §.

1/2 the term §x~! in

This regime can be treated similarly to the regime 0 < § < 1, since for [6] S N~
the expansion of f, for |x| > 1, does not play any role in the bounds of Lemma 5.2, Lemma 5.3. Indeed,
instead of the deforming the contours I" and A through the leading term of the stationary point x4, we

deform I" and A through z, := eT/3E=1/3 g4
F = FZ* = FI,Z* U FZ,Z* and A = AZ* = AI,Z* U A2,2*9

where I'1 7, , I'2 -, and A1z, , A> ;, are defined in (48a) and (48b), respectively. We could have made
the same choice in the case 0 <6 < N -1/ 2 but not for the regime N 12 «§ < 1, hence, to treat both
the regimes in the same way, in Section 5A we deformed the contours trough (45). Note that z, defined
here is not the analogue of (45), since in all cases

Zy = em/3E—1/3'

The fact that £ < 1 implies that |z,| 3> 1, hence, like in the case 0 < § < 1, we expect that the main

contribution to (28) comes from the regime when |x/|, |y| > N®, for some small 0 < p < 1/2. Hence, in

order to compute the leading term of (28) we expand f and G for large arguments as in (47a) and (47b).
The phase function f defined in (28) satisfies the properties (i), (ii) and (iv) of Lemma 5.1, but (iii)

does not hold true for § < 0 if E < |§]3. Instead, it is easy to see that the following lemma holds true.

Lemma 5.5. Let f be the phase function defined in (28), then, as € — 07, the function x — R[ f(x)] has
a unique global minimum on A1 ;, at x = 3|87V /2 if E < |5]3.

Note that, since |§] < N~!/2, by Lemma 5.5 it follows that the function x > R[f(x)] is strictly
decreasing for 0 < x « N~1/2,
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Proof of Theorem 2.1 for —CN~1/2 < § < 0. Let I, A be defined in (52), then using that

_N[ 252] < 6_4%2

’

for s € [N?,|z«|] and |§] < N~1/2, Lemma 5.3 and the improved bounds in (54) of Lemma 5.2, for
b =0, 1, we conclude the bound in the following lemma exactly as in (71) without the improvement
involving §.

Lemma 5.6. Let E S N —3/2_ and let f be defined in (28).Then, the bound

2—d

e~ NS G)+Nf () o b =0,
/ dx/ —————— | S {N 2 (1+[lg(NE?P3)|), a=1.b=>1,
A\A I\l x4y ra
2, a>1,b>1,

holds for any a > 1 and b € N, where d := a + b.

Then, much as in the case 0 < § < I, by Lemma 5.6 we conclude that the contribution to (28) of
the regime when either x € AoryeTis exponentially small, i.e., Lemma 5.4 holds true. Hence,
by (28), Lemma 5.6 and the expansion of G in (47b), we easily conclude Theorem 2.1 also in the regime
~CN~Y2<s <. O

6. The real case below the saddle point regime

In this section we prove Theorem 2.3. Throughout this section we always assume that Rw < 0, hence
to make our notation easier we define w = —E + ie with some E > 0 and € > 0. Moreover, we always
assume that £ < c(N), with ¢(N) defined in (44). We are interested in estimating (34) in the transitional
regime of |z| around one. For this purpose we introduce the parameter § = §, := 1 —|z|?. In order to
have an optimal estimate of the leading order term of (34) it is not affordable to estimate the error terms in
the expansions, for large @ and &, of f, g(-,1,7) and G1,n, G2 n by absolute value. For this reason, to
compute the error terms in the expansions of f, g(-,0,7n),G1,n, G2 N We use a notation O%(-) similar
to the one introduced in (46). In order to keep track of the power of 7 in the expansion of G, n and
G, N, we define the set of functions

O ((a,7.6)7) =

. . _ Ca,ﬂ,]/ . (X+,B .
h:Cx[0.1]xC—C:h(a.7.§) = > s with |cq.p.,| < C¥VP if |al,|at],|E| > 2C
a+p=>1,
O<y=a
for some constant C > 0 implicit in the O*(-) notation. The exponents «, 8 are nonnegative integers.
We expand the functions f, g(-.1,n), G n.,Ga N for large a and § arguments as

_ —j é L #e—3 -2
f(€)=(E €)§+§+252+0(§ + 8677, s)

)
gla,1,n) =(E —ie)a + + — 4+ 03 +8a"?),

22
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with O%(-) defined as in (46), and

C N2 c N2§
Gin(a,t.§|z|) = |: Z M+ Z a,B,y

B B
a,p>2,a+p=8, asTrg a,f=2,a+p=7, asTrg
y=min{ae—1,3} y=min{ae—1,3}
c N c N26§2
+ Z a.B.y + Z o.B.y
aafyfg'ﬂ aafygﬂ
a,p>2,a+p=6, a,>2,a+B=6
y=min{a—1,2} y=min{ae—1,2}
x[14+0*((a.7.6&)™h]. (76)

C N2n2
Gan(a,t,8,2)= |: Z Ca,By Y T

B
a,ﬂZZ,f{X+Bl=2?, a%trg - 5
y=maxie—1, c N*n=§ C N
n Z o,y NN n Z o,y V1 i|

B B
05»322,054‘/3=5> aarys aaﬁ=2;3;a+ﬂ=5 aal’y%‘
y=max{a—1,2} y=max{a—1,2}

x[1+0*((a.7.§)7H]. 77)

where ¢y g, € R is a constant that may change term by term. To make our notation easier in (76)—(77)
we used the convention to write a common multiplicative error for all the terms, even if in principle the
constants in the series expansion of the error terms differ term by term.

In the following we deform the integration contours in (34) with the following constraints: the &
contour can be freely deformed as long as it does not cross 0 and —1, the a-contour can be deformed as
long as it goes out from zero in the region Y[a] > |I[a]|, it ends in the region Yi[a] > 0, and it does not
cross 0 and —1 along the deformation. The t-contour will not be deformed.

Specifically, we deform the a-contour in (34) to A = [0, +00), and we can deform the £-contour to any
contour around 0 not encircling —1 (this contour is denoted by I' in (78)). Moreover, since for a € R4
we have

|e—N(E—ie)a| — e—NEa

—NEa

and since the factor e makes the integral convergent, we may pass to the limit ¢ — 0. Hence, for

any £ > 0 we conclude that
N +o00 1 §2a
ETr[Y + E]—l — _/ dS/ da/ ds_eN[f(g)_g(a,‘L',n)]GN(a’ T, S?Z)' (78)
41 r 0 0 ‘[1/2

We split the computation of the leading order term of (78) into the cases —C N ~1/2<§<0and§ > 0.

6A. Case 0 <§ < 1. In order to estimate the leading term of (78) we compute the &-integral and the
(a, t)-integral separately. In particular, we compute the (a, t)-integral first, performing the t-integral
for any fixed a, and then we compute the a-integral. Note that, since E/ = —E is negative, the relevant
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stationary point of f(§) is real and its leading order &, is given by

\/%, E <8,
Ex == u(c)E"YV3, E =83, (79)
E71/3, E > 83,

for some w(c) > 0 and any fixed constant ¢ > 0 independent of N, E and §. Note that £, > 1 for any
E S ¢(N), 0 <8 <1. We will show that in the regime a € [N?, +00) the t-integral is concentrated
around 1 as long as |e~NIg(@tm—g@L.ml| is effective, i.e., as long as N |g(a,t,n) — g(a, 1,7)] > 1,
and that it is concentrated around O if N|g(a,t,n) — g(a,1,n)| < 1. For this purpose, using that
g(a,1,n) = f(a) for any a € C, we rewrite (78) as

N +o0
ETiY +E]"! = H/ngeNf@)gZ/O

1 e—Nlg(a,r,n—g(a,1,n)]

dae_Nf(a)a/ dr i Gy, (80)
0

where we used that by holomorphicity, we can deform the contour I"as I' = I'g, :=T'1 ¢, U T ¢, , with
Iy g,. T2 ¢, defined in (48a) replacing zx by &x. We will show that the contribution to (80) of the integrals
in the regime when either |a] < N? or |§] < NP, for some small fixed 0 < p < 1/2, is exponentially
small. Moreover, we will show that also the t-integral is exponentially small for = very close to O because
of the term log t in the phase function g(a, 7, n). Hence, we define f‘, A as in (52),and I C [0, 1] as
I =1,:=[0,N?/2¢71], for any a € [0, +00).

In order to compute the leading term of (80) we first bound the integral in the regime

(@.t.&) e (A\A)x ([0, 1]\ 1) x (D'\T),

with A and T defined in (52), that is the regime where we expect that the main contribution comes
from, and then we use these bounds to first prove that the integral in the regime when either |§| < N*
or |a| < NP is exponentially small for any 7 € [0, 1], and then prove that also the t-integral on [ is
exponentially small if |a| > N*. The bounds for the £-integral over I' \ T are exactly the same as in
Lemma 5.2, since the phase function f(£) and the I'-contour are exactly the same as the complex case.
In order to estimate the integral over (a,7) € (A \ A) x ([0, 1]\ 1), we start with the estimate of the
t-integral over [0, 1]\ / in Lemma 6.2 and then we will conclude the computation of the a-integral over
[NP, +00) in Lemma 6.3.

Before proceeding with the bounds for large |¢/, ||, in the following lemma we state some properties
of the functions f and g. The proof of this lemma follows by elementary computations. From now on,
for simplicity, we assume that 1 > 0; the case n < 0 is completely analogous since the functions g and
Gy in (78) depend only on n? and |z|2.

Lemma 6.1. Let f and g be the phase functions defined in (35) and (36), respectively, then the following
properties hold true:

(i) Forany § = —2/3 +it € I'y ¢, we have that

R[f(=2/3 +it)] =%+et—%+(’)(|t|_3+8|t|_2), (81)
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and 5
S[f(=2/3 +ir)] :%—EZ—Z—I—O(ItI_Z’). (82)

(ii) For € =0, the function t — R[f(=2/3 +it)] on 'y ¢, is strictly increasing if t > 0 and strictly
decreasing if t < 0.

(iii) For any a € [0, +00), we have that g(a, t,n) > g(a, ,0) and the function T — g(a, t,0) is strictly
decreasing on [0, 1].

(iv) The function a — g(a, 1, n) is strictly decreasing on [0, £ /2].
Lemma 6.2. Let p > 0 be sufficiently small, I = I, = [0, N*2a71], y €N, y > 1, ¢(N) be defined
in(44), E Sc(N), 0<6 <1, and let g be defined as in (36). Then, for any a € [N, +00), we have

le~Nlg(@n.m—¢g(a1.m]|
/[o,ll\la Tt/

dt

a’N71Al, NP <a<§'anpl,
S F(a):=4qa(N§)"'Al, §7'VvNP<a<én2,
(Np>)7IAL a=@ntv Dy,

e NP <a<N@EVN~?),
_1 2
+eT 2V X S @(NS v V)T TV2 NEVNTY2) <a < BV N2, (83)
(Nn2)l/27, a>(@EvN2p2

where some regimes in (83) might be empty for certain values of § and .

Proof. In order to estimate the integral in the Lh.s. of (83) we first compute the expansion

— — Y —(1=1)2 21 — —
1=-28)(1—1t)—(1—1) +2n (1 r)+(l 7)6

gla,t,n)—gla,1,n) =

a?t? T at
1—1 1—7)(8+a ! 21—1
+0(2 44 )(22 )+"(2)), (84)
a’t a’t art

which holds true for any v € [0,1]\ I = [N*?/2a1,1]. Note that by (84) it follows that for any
(a,7) €[NP, +00) x [NP/2a™1 1],

1—-1 1 8 772
gla,t,n)—gla,1,n) > 3 [2 2+—+_].
a“t at T

Then, by (84) it follows that

v+1/2 No/2g—1 v+1/2 dr. (85)

/ |e_N[g(aaran)_g(aslan)]| 1 e_(l_t)%[ﬁ—‘r%—i_ﬁ]
dt 5/
[0,1]\1

In order to bound the r.h.s. of (85) we split the computations into two cases: § < N /2 gnd § > N~V/2,
We first consider the case § > N ~1/2. In order to prove the bound in the r.h.s. of (83) we further split the
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computation of the t-integral into the regimes t € [N*/2a~1,1/2] and 7 € [1/2, 1]. We start estimating
the integral over [1/2, 1] as follows:

2
/1 05 [P+ dt§/1 Y[ L+i4n?] o
1/2 Ty +1/2 1/2
a’N~1 A, NP <a<§'anTt,
<a(N§) VAL, NPvEl<a<én?, (86)
(Np®)"IAL, a=8n2vy L.

For the integral over € [N®?/2a~1,1/2], instead, we bound the r.h.s. of (85) as

dr <e 2

2
/1/2 o3+ 7] v e 2V @(Ng) T T2 NP <a <82 &N
No/2g—1  rvtl/2 ~ (Np?)V/2=7, a>8n2.

Then, combining (86)—(87) we conclude the bound in (83) for § > N —1/2, Using similar computations
for § < N~1/2_ we conclude the bound in (83). O

In the following lemma we conclude the bound for the double integral (80) in the regime (a, 1) €
(NP, 400) x ([0,1]\ I) using the bound in (83) as an input.

Lemma 6.3. Let p > 0 be sufficiently small, I = [0, NP/2a=], 0 <8 < 1, let ¢(N) be defined in (44),
E < c¢(N), and let g be defined in (36). Then, for any integers o« > 2, 1 <y <, we have

/A\A /O 1\1

e—Ng(a,T.n)

oy | ATda < Cue N () 2T Cote N (NSVVN) ATV G (88)

where
1+ |log[N(§ v N~V/2)g 1], a=2, [t v > &,
C, e JNTTEAD(1 4+ logING v NTYEN]). =2, [Bn v 1ln~! <&,
[NV N~V/2)2—2, a=3, [t vinT! > &
(Np)"'AD[N@ v N2, a>3, [yt vinT! <&
_NE -1/
(14 llog[N(8 v N2y )e 22 OV g =,
_NE —1/2
Cy = [(8_1 AW)UZ]Q—Ze 2n2 6vN )’ o >3, (8_1 A W)UZ < NE,
[(67Y AV N)P2]*2, >3, "'AVN)2 > NE,
(NE)x—v=3/2 y=a,a—1, ("' A+N)n? < NE,
C3:=1[6" 1A Nl/z)nz]"‘_y_3/2, y=a,a—1, 71 A «/ﬁ)nz > NE,
(N8vﬁ)3/2+7_°‘, y<a-—2.
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Proof. First, we add and subtract Ng(a, 1, 1) = Nf(a) to the phase function in the exponent and conclude,
by Lemma 6.2, that

/ /[.0 1\I

with F(a) defined in (83). In the rest of the proof we often use that NE&, < 1 by the definition of £,
in (79), which implies eV B < 1. We split the computation of the integral in the r.h.s. of (89) as the sum

of the integrals over [N”, &] and [£«, +00). From now on we consider only the case § > N ~1/2
—1/2

e—Ngla,t,n)
a— 1.[)/-‘,-1/2

+oo |p=Ne@.1n)|. F(qg)
drda < da, (89)

No a1

, since

the case § < N~1/2 is completely analogous. In the regime § > N we have

E<c(N)=686"'N"2<63,
therefore

from (79).
Then, using the expansion for large a-argument of g(a, 1,n7) = f(a) in (75), we start estimating the
integral over [N?, +00) as follows:

& _N[g‘l'ﬁ]F
eNEs*/ e 2 (a) da

No qa?—1

I+|log(NsgY|, a=2,
(8—1772)01—2
N1/2—y52—an2a—2y—3’ V:a’a_l’(gn—zsg*’

e N L (Ns 2y g3 a1 8 > £,

<@ 2 <E)e 2N (N2 V2V

(N8>, y <a-2,
1+[log(N8E )|, a=2,[8n"" V1t > &,
(N)TIAD (14 log(NSELTH).  a=2,[8nvI]n™! <&,
+ . ’ ! (90)
(NS)2 o a>3[6n 1\/1]77 1>$*,
(Nn?)"IAL)(NG)2™@ a>3[5n Vvt <&,

To conclude the proof we are left with the estimate of the a-integral on [£x, +00). In this regime we
bound the r.h.s. of (89) as follows:

+o00 —NEaF
eNES*/ e @
(1+ log(NEE)]) e NVESN2/2 g =2,
¢~NESn™ (5-1p2)a2. a>3, 8" < NEAES!,
(8_17]2)0[_2, o >3, NEE(S_IT')ZEE;I’

2— —1,2 5 -1
¥ a=3, 86" =&,

e—%an(an)l/z—y %

’
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(NEYev=3/12 y =g a—1,8 92 <NE,
+ (6 <87 2)e NP (NS V2T ) L (571232 y =q a1, 571 > NE,

3/2+y—a’ y<a—2,
14 [log(N 8§, a=2, [ vyt > &,
(NP A+ log(V8E D). e =2, 87 v 1y~ <&, o
(£, a>3[n v > &,
(NP A D>, =3[ v > &
Finally, combining (90) and (91) we conclude the bound in (88). O

In order to conclude the estimate of the leading order term of (80), in the following lemma, using
the bounds in Lemma 5.2 for the £-integral and the ones in Lemma 6.3 for the (a, t)-integral, we prove
that the contribution to (80) in the regime when either @ € [0, N®] or £ € T" and in the regime t € I is
exponentially small.

Lemma 6.4. Let c¢(N) be defined in (44),0 <8 <1, [ =1, =[0,N*2a=Y), and let f, g and Gy be
defined in (35)—(37), then, for any E < c¢(N), we have that

1
_ NI/ ©)—garm] €
'(/r dE/A da/o ar /r\f 4 A\A da /[0,1]\1 ) [ T1/2 ap N @ Z)]'

N5/2+5'°(N1/2+N8) o IN120
S E1/2 :
Proof. We split the proof into three parts, we first prove that the contribution to (80) in the regime

(92)

a € A = [0, N”] is exponentially small uniformly in 7 € [0, 1] and & € T, then we prove that for a > N
the contribution to (80) in the regime 7 € [ is exponentially small uniformly in £ € T, and finally we
conclude that also the contribution for £ € T is negligible.

Note that for any a € [0, +00), T € [0, 1] we have that the map t — g(a, 7, 0) is strictly decreasing
by (iii) of Lemma 6.1, hence, using that g(a, 7, ) > g(a, 7, 0) and (ii)—(iv) of Lemma 6.1, it follows that

sup|eNf(§)| + suple” Ng(a,r, 71)| < sup|eNf(5)| + suple” Ng(a,1, 0)| < e—Nf(N") (93)
gel ael gel aeh
with s .
P i —3p —2p
f(NP)= +2N2p+O(N + SN ™P). (94)

In order to estimate the regime a € A, we split the computation into two cases: (a,§) € A x T and
(a,£) € Ax(T\T). Then, by (93)~(94) it follows that the integral in the regime (a, 7, £) € A x[0, 1] x T is
bounded by N2,e=N'"2°/2 Note that in the regime (a, 7, §) € Ax[0, 1]x(I'\I") we have || > N”. Hence,
by the explicit form of G1_y, G2y in (37), using the bound in (93) for e ~NV&(@M that |£| > N* and so
Lemma 5.2 to bound the regime T"\ T, we conclude that the integral over (a, ,&) € A x [0,1] x (I'\ ")
is bounded by N3TP(N1/2 4 (N§))e=N'7/2,
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Next, we consider the integral over (a, 7, £) € (A \ A) x [0, N*/2471] x T'. Note that in this regime
a > NP. Since g(a,t,n) > g(a, t,0) and t — g(a, 7, 0) is strictly decreasing by (iii) of Lemma 6.1, we
have that

e—Ng(a,r,r/) < e—Ng(a,N"/za_l,O)’ (95)
where
1
g(a, N?2a7 )= Ea + ozt t O(N73P/2 L SN7P). (96)

Additionally, using the explicit expression of Gy in (37), the bound (93) on e¥. T for the regime £ € T,
and Lemma 5.2 for £ € I'\ T, we get

‘ / dEGy(a, 7,8, 2)E2eN O < C(N, n,a, 1), 97)
T

where

N% N?
C(a,7) = C(N, 1.a,7) = (N2 1 N5) (N2n2 PNy aT) |

Thus, using (97) and the explicit form of g(a, 7, n) in (36), for t € [0, N*/2a~1] we have

Cl3‘l,'

5 C a, T e_(N_z)g(asrsn)
@) t1/2(1 4 2a + a21)

L) FEORRE
T T

_(N=2)n%42
< C(Cl, _L,)aZ_L,l/Ze—(N—Z)g(a,r,O)e 1+2a+a2z

2 1/2 —LN1-20 —NEa—WN-2r’¢
<C(a,t)a“t'“e 2 e 1+2a+a%z . (98)

Hence, integrating (98) with respect to (a, t), and using that in the regime 7 € [0, N*/2a71],

2
N=P2q < v <
142a+a?t

’

we conclude that the integral over (a, 7, &) € (A \ A) x [0, N*/2471] x T is bounded by
NS/2H50(N12 4 NS ETY2e~ N

Finally, in order to conclude the bound in (92), we are left with the estimate of the integral over (a, 7, §) €
(A\A)x[N?/2a71 1] x T. In this regime, using the bound in (93) on e¥/® for £ € T, and Lemma 6.3
to estimate the integral over (a, 7) € (A \ A) x [N?/2a~1 1], we get the bound N5/2+pE=1/2,=N'720/2,
This concludes the proof of (92). O

Proof of Theorem 2.3 in the case § > 0. Using Lemma 6.4 we remove the regime a < N, |§| < N° or
T € [0, Np/za_l] in (80). Then, using the expansion for G x and G, y in (76)—(77) in the remaining
regime of (80), combining Lemmas 5.2 and 6.3 we conclude Theorem 2.3. O
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6B. Case —CN~1/2 < § < 0. Now we summarize the necessary changes for the case § < 0. As in
the case 0 < § < 1, throughout this section we assume that £’ < 0 in (35)—(36), i.e., E/ = —FE with
0<E<N732

Let x4 be the real stationary point of f, i.e., x« at leading order is given by

31871 /2 if E < |83,
e~ u(e)E"Y3 if E =c|8)3,
E13 if E> |5,

for some function p(c) > 0 and any fixed constant ¢ > 0 independent of N, E, and §. As in the

1/2 1/2, since

complex case, we can treat the regime 0 < —3 < N~ '/“ similarly to the regime 0 <§ S N~
for |§| < N~1/2 the only §-dependent terms, i.e., the term Sa~! in the expansion of g(a, 1,7) = f(a)
in (75) and the term (1 —7)8(at)~! in the expansion of g(a, r,n) — g(a, 1, 1), do not play any role in the
estimates of the (a, ) integral in the regime @ > N®, 7 € [N?/2471, 1]. Note that this is also the case for
0<§<N -1 2, when the estimates (83) and (88) were derived. For this reason, unlike the case 0 <§ <1,
in the present case, § <0, |§| < N~1/2 and E < ¢(N), we do not deform the &-contour through the
leading order of the saddle x, but we always deformitas I' = I'g, :=T'; ¢, UT ¢, , where £, := E~/3,
with 'y ¢, , ', ¢, defined in (48a) replacing z« by £«. Note that we could have done the same choice in the
case 0 <46 < N~1/2_ but not for the regime N—1/2 « § <1, hence, in order to treat the regime 0 <§ <1
in the same way for any §, in Section 6A we deformed the contour I" through (79). For any E < c(N)
and0< -6 N ~1/2 we have &x > 1, hence we prove that the main contribution to (80) comes from the
regime when a, |§| > NP. Moreover, similarly to the case 0 < § < 1, the contribution to (80) in the regime
(a,7,8) € (A\ A) x[0, N?/2471] x (I'\ ') will be exponentially small. Hence, in order to estimate the
leading order of (80), we expand f, g(-,1,n) and Gy for large a and |§| arguments as in (75)—(77).
The phase functions f and g, defined in (35) and (36), respectively, satisfy the properties (i) and (ii) of

Lemma 6.1, but not the ones in (iii) and (iv). Instead, it is easy to see that the following lemma holds true.

Lemma 6.5. Let f and g be the phase functions defined in (35) and (36), respectively. Then, the following
properties hold true:

(iii”) For any a € [0, 400), we have that g(a, t,n) > g(a, t,0) and that

e~ Ng(a,7,0) < e—Ng(a,ro,O),

for any fixed 19 € [0, 1] and any t € [0, 19].
(iv’) The function a — g(a, 1,0) is strictly decreasing on [0, |§|~1/2].

Since |§] < N~1/2, by (iv’) of Lemma 6.5 it clearly follows that the function a — g(a, 1, n) is strictly
decreasing on [0, N*]. Note that for |§] < N~1/2 we have

1 8 d—79)N 8 1 N
e—N(l_T)[az_[z +E:| S e_ 2a2'5T2 , e_N[E—i_zaiz] < e_m (99)

for any a € [N®, +00) and t € [N?/2a~1,1]. Using (99), inspecting the proofs of (83) and (88) in
Lemma 6.2 and Lemma 6.3, respectively, and noticing that in the regime 0 <§ < N ~1/2 the sign of § did
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not play any role we conclude that the bounds (83), (88) hold true for the case § <0, |6]| S N —1/2 4
well. Then, much as in the case 0 < § < 1, by (i)—(ii) of Lemma 6.1 and (iii’)—(iv’) of Lemma 6.5, using
the bound in (88) to estimate the (a, T)-integral in the regime (a, t) € [N?, +00) x [N?/2471 1] and the
ones in Lemma 5.2 to estimate the é-integral in the regime |§| > N® we conclude that the contribution
to (80) in the regime when either a € [0, N?] or |£| < N” and in the regime [0, N?/2a~1] is exponentially
small, i.e., Lemma 6.4 holds true once § is replaced by |§| everywhere.

Proof of Theorem 2.3 in the case —C N ~'/2 < § < 0. By combining (88), Lemmas 5.2 and 6.4, using the
expansion of Gy in (76)—(77), we conclude the proof of Theorem 2.3 also in the case —C N “12<§5<0. O

Appendix A. Superbosonization formula for meromorphic functions

The superbosonization formulas [Littelmann et al. 2008, Eq. (1.10) and (1.13)] (see also [Alldridge and
Shaikh 2014, Corollary 2.6] for more precise conditions) are stated under the condition that

F@*D) — F ((s,s> (s x))’
VERVEDY
viewed as a function of four independent variables, is holomorphic and decays faster than any inverse
power at real +oo0 in the (s, s) variable (for definiteness, we discuss the complex case; the argument for the
real case is analogous). Our function F defined in (26) has a pole at (s, s) =iN and (y, y) =iN using the
definitions (20)—(21) after expanding the inverse of the matrix 1 + %CD*QD in the Grassmannian variables
but this pole is far away from the integration domain on both sides of (22). We now outline a standard
approximation procedure to verify the superbosonization formula for such meromorphic functions; for
simplicity we consider only our concrete function from (26).

In the first step notice that the integration at infinity on the noncompact domain for the boson-boson
variable is absolutely convergent on both sides as guaranteed by the exp(iw STr ®*®) regularization,
since Jw > 0.

Second, in the Lh.s. of (22) using Taylor expansions, we expand F into a finite polynomial in the
Grassmannian variables with meromorphic coefficient functions in the variable (s, s). Algebraically, we
perform exactly the same expansion in the r.h.s. of (22). For the fermionic variables o, T these expansions
naturally terminate after finitely many terms. From (28) it is clear that only the geometric expansion

A4+t =1-y+y>—--

may result in an infinite power series instead of a finite polynomial. However, owing to the contour
integral in y and that the integrand has a pole of at most finite order (~ N) at zero, we may replace this
power series with its finite truncation without changing the value of the r.h.s. of (22). We choose the order
of truncation sufficiently large that the remaining formula contains all nonzero terms on both sides. We
denote this new truncated function by F.

Now we are in the situation where on both sides of (22), with F replacing F', we have the same finite
polynomial in the variables (s, ), (x,s) and (), x) in the Lh.s. as in the variables o, , y in the r.h.s.,
with coefficients that are meromorphic in (s, s), resp. in x. All coefficient functions /j (x) are analytic in
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a neighborhood of the positive real axis (their possible pole is at —1) and they have an exponential decay
~ exp (—(Jw) (s, s)) in the Lh.s., resp. exp (—(Jw)x) in the r.h.s., at infinity from the regularization
observed in the first step.

—ax I

Finally, in the third step, dropping the k index temporarily, we write each coefficient function as i (x) =
g(x)e >Jw. For any given € > 0 we approximate g(x) via classical (rescaled) Laguerre
polynomials p, (x) of degree n with weight function e~** such that fooo lg(x)— pn(x)[Pe ™  dx < (ea)?,

where 1 depends on € and Jw. By completeness of the Laguerre polynomials in L? (R, e~ %* dx) and

with o =

by f lg(x)|?e ¥ dx = f |h(x)|?e** dx < oo such an approximating polynomial exists. Therefore, with
a Schwarz inequality, we have

/ (0 = pu(x)e™ | dx = [ 12() — ()l dx <e.
0 0

Since there are only finitely many coefficient functions 4 (x) = hx(x) in F, we can replace each of
them with an entire function (namely with a polynomial times e ~**) with at most an € error in the r.h.s.
of (22). The same estimates hold on the r.h.s. But for these replacements the superbosonization formula
[Littelmann et al. 2008, Eq. (1.10)] is applicable since the new functions are entire. The error is at most €
on both sides, but this argument is valid for arbitrary € > 0. This proves the superbosonization formula
for the function (26).

Appendix B. Explicit formulas for the real symmetric integral representation
Here we collect the explicit formulas for the polynomials of a, £, t in the definition of Gy in (34).
D2,0,0 = a*t® +2a3Et + 401 — aPE%T + 4a%E% + 8aPE + 24%t
+4a? +2a83 + 8aE% + 10ak + 4a + E* + 483 + 682 +4E + 1,
D1,0,0 1= —a*et? +a*1? —2a8%1 — 20361 + 40Pt — a*E3 1 — 342 €%
—2a%6T + 4a%E 4+ 2a%T + 4a% +2aE? + 6aE + 4a + E3 +3E2 + 36+ 1,
P2.2,0:=4(a+ (a?t +att+2at +E2 + 28+ 1),
P12.0:=4@+ ) (@t +akt +2ar +E+1),
p2.01 1= 2(a%1* +2a%E1 4 4a’t + 2aE% + 2aft + 4af + 3av 4+ 2a + £ + 42 + 58 +2),
P10 = 2(a>t? + 20kt + 44t + aE%t 4 3akt + 24k + 3at 4+ 2a 4+ £ 4+ 3+ 2),
P22,1:=4(@a+1)(a+£§+2),
P2,02:=a’T +2ak +4a +§ +4E+4.

Appendix C. Comparison with the contour-integral derivation

In [Ben Arous and Péché 2005] the correlation kernel of (X —z)(X —z)* for complex Ginibre matrices X
has been derived using contour-integral methods. Earlier, the joint eigenvalue density for the general
Laguerre ensemble had been obtained in the physics literature [Guhr and Wettig 1996; Jackson et al.
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Figure 7. Plot of the 1-point function K(A1,1) =7
|z| = 1. The dotted and dashed lines show the large A and small A asymptotes, respectively.

qo(A) in the complex case with

1996] via supersymmetric methods; see also [Verbaarschot and Zahed 1993] with orthogonal polynomials.
Adapting [Ben Arous and Péché 2005] to our scaling, and choosing y; = %1, it follows from [Ben Arous

and Péché 2005, Theorem 7.1] that for |z| = 1 the rescaled kernel Ky (N ~3/24, N=3/211) is given by
dx/ dyKg@N4x VA, 2N Y4y Ji)eNBOI=he) (q
17T Jr y

1
1—x2—1—y2)xy’
11(x)1o(y) — ylo(x)11(y) x* (1o
Kp(x.y):= "= L 0;{2_;20 L h() =27 +log(1 —x?) =

=-" 40,
S +0(%)
where Iy, I; are the modified Bessel function of 0-th and 1-st kind. The contour I' is any contour

encircling [—1, 1] in a counterclockwise direction (in contradiction to the contours depicted in [Ben Arous
and Péché 2005, Figure 8.1]) and the contour y is composed of two straight half-lines [0, ico) and
[0, —ico). The main contribution in (100) comes from the |x| < N~Y4 and |y| < N~1/4 regime
which motivates the change of variables x — N ~1/4x, y > N~1/4

y. Together with the expansion of
Ly 11 2yl — 2 .2 4 4y
I—-(1—x*)""(1—ys) " =—x=—y=+ 0"+ y?) it follows that

Kn(N7320 N732) ~ N32K (A, ).
where

K, 1) ::%/F dx/dyKB(zx«/X, 2y e 1 25y (2 + y?)
! 4

and I/ consists of four straight half-lines (ei”/4oo, 0], [0, e3i”/4oo), (eSi”/4oo, 0], [0, e7i”/4oo).

We now compare the limiting 1-point function K(A, 1) with the asymptotic expansion we derived in
Theorem 2.1, which in the case |z| = 1, i.e., § = 0, simplifies to

1/3
QO(A’) — AZ_/ / dx ¢ dyeAZ/3(_y+1/(2y2)+x_1/(2x2))( 1 1 1
Tl

X3 2y W)
The resulting 1-point function, given by 7~ 1Jg0(X), coincides precisely with K(A, A) and is plotted in
Figure 7.
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NEW CRITICAL EXPONENT INEQUALITIES FOR PERCOLATION AND
THE RANDOM CLUSTER MODEL

ToM HUTCHCROFT

We apply a variation on the methods of Duminil-Copin, Raoufi, and Tassion (Ann. of Math. (2) 189:1

(2019), 75-99) to establish a new differential inequality applying to both Bernoulli percolation and the

Fortuin—Kasteleyn random cluster model. This differential inequality has a similar form to that derived for

Bernoulli percolation by Menshikov (Dokl. Akad. Nauk 288:6 (1986), 1308—1311) but with the important

difference that it describes the distribution of the volume of a cluster rather than of its radius. We apply

this differential inequality to prove the following:

(1) The critical exponent inequalities y < § — 1 and A < y + 1 hold for percolation and the random
cluster model on any transitive graph. These inequalities are new even in the context of Bernoulli
percolation on 74, and are saturated in mean-field for Bernoulli percolation and for the random
cluster model with g € [1, 2).

(2) The volume of a cluster has an exponential tail in the entire subcritical phase of the random cluster
model on any transitive graph. This proof also applies to infinite-range models, where the result is
new even in the Euclidean setting.

1. Introduction

Differential inequalities play a central role in the rigorous study of percolation and other random media.
Indeed, one of the most important theorems in the theory of Bernoulli percolation is that the phase
transition is sharp, meaning (in one precise formulation) that the radius of the cluster of the origin has an
exponential tail throughout the entire subcritical phase. This theorem was first proven in independent
works of Menshikov [1986] and Aizenman and Barsky [1987]. While these two proofs were rather
different, they both relied crucially on differential inequalities: In Menshikov’s case this differential
inequality was

d 1 n
— log P, (RZn)Z—[ —1] for eachn > 1, (1-1)
dp r p an:O Pp(R >m)

where R denotes the radius of the cluster of the origin, while for Aizenman and Barsky the relevant
differential inequalities were
oM ) oM oM oM
M<h—+M"+pM— and — <dM—, (1-2)
oh op ap oh
where we write |K| for the volume of the cluster of the origin, write M = M, ;, for the magnetization
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M=E,[1- e~"K1], and write d for the degree of the graph. An alternative, simpler proof of sharpness
for percolation, which also relies on differential inequalities, was subsequently found by Duminil-Copin
and Tassion [2016]. Aside from their use to establish sharpness, the differential inequalities (1-1) and (1-2)
also yield further quantitative information about percolation at and near criticality. In particular, both
inequalities can be used to derive bounds on critical exponents associated to percolation; this is discussed
further in Section 1A and reviewed in detail in [Grimmett 1999]. Similar methods have also yielded
similar results for the Ising model [Aizenman et al. 1987; Duminil-Copin and Tassion 2016].

Aside from percolation and the Ising model, the class of models that were rigorously proven to undergo
sharp phase transitions was, until recently, very limited. In particular, the derivations of both (1-1) and (1-2)
rely heavily on the van den Berg—Kesten (BK) inequality [1985], and are therefore rather specific to
Bernoulli percolation. This situation has now improved drastically following the breakthrough work of
Duminil-Copin, Raoufi, and Tassion [Duminil-Copin et al. 2019b], who showed that the theory of random-
ized algorithms can often be used to prove sharpness of the phase transition in models satisfying the FKG
lattice condition. They first applied this new methodology to prove that a differential inequality essentially
equivalent to that of Menshikov (1-1) holds for the Fortuin—Kasteleyn random-cluster model (with g > 1),
from which they deduced sharpness of the phase transition for this model and the ferromagnetic Potts model.
Variations on their methods have subsequently been used to prove sharpness results for several other models,
including Voronoi percolation [Duminil-Copin et al. 2019a], Poisson-Boolean percolation [Duminil-Copin
et al. 2018], the Widom-Rowlinson model [Dereudre and Houdebert 2018], level sets of smooth planar
Gaussian fields [Muirhead and Vanneuville 2020], and the contact process [Beekenkamp 2018].

The main new technical tool introduced by [Duminil-Copin et al. 2019b] was a generalization of the
OSSS inequality from product measures to monotonic measures. This inequality, introduced by O’Donnell,
Saks, Schramm, and Servedio [O’Donnell et al. 2005], can be used to derive differential inequalities for
percolation in the following way: Let A be an increasing event depending on at most finitely many edges,
and suppose that we have an algorithm for computing whether or not A occurs. This algorithm decides
sequentially which edges to reveal the status of, with decisions depending on what it has previously seen
and possibly also some external randomness, stopping when it has determined whether or not A has
occurred. For each edge e, let §, be the revealment of e, defined to be the probability that the status of the
edge e is ever queried by the algorithm. Then the OSSS inequality implies that

1—P,(A)
p(1 — p) max.eg 8,

% log P,(A) > (1-3)
In particular, if P,(A) is not too large and there exists a randomized algorithm determining whether or
not A holds with low maximum revealment, then the logarithmic derivative of P,(A) is large. This yields
an extremely flexible methodology for deriving differential inequalities for percolation. Even greater
flexibility is provided by the rwo-function version of the OSSS inequality, which implies in particular that
if A and B are events, where A is increasing and we have some randomized algorithm that determines
whether or not B occurs, then

P,(B|A)—P,(B)
p(1—p) maxeeg e

4 log P,(A) >

i (1-4)
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The new differential inequality. In this article, we apply the OSSS inequality to establish a new differential
inequality for percolation and the random cluster model. Once we establish this inequality, we use it to
prove several other new results for these models which are detailed in the following subsections. Our
new inequality is similar to Menshikov’s inequality (1-1) but describes the distribution of the volume of a
cluster rather than of its radius. In the case of percolation on a transitive graph, we obtain in particular that

1 (1—eMn B 11|

d
——log P,(IK| =z n) = [ (1-5)
dp =" 2P =p) L2 30 By (1K | = m)

foreachn >0, A >0,and 0 < p < 1, where K is the cluster of some vertex v and | K| is the number
of vertices it contains. We will typically apply this inequality with A = 1, but the freedom to change
is sometimes useful for optimizing constants.

We derive (1-5) by introducing a ghost field as in [Aizenman and Barsky 1987], i.e., an independent
Bernoulli process G on the vertices of G such that G(v) = 1 with probability 1 — e~*/" for each vertex v
of G. We call vertices with G(v) = 1 green. We then apply the two-function OSSS inequality where A
is the event that |K| > n and B is the event that K includes a green vertex, and our algorithm simply
examines the ghost field at every site and then explores the cluster of each green vertex it discovers. In
particular, this algorithm has the property that the revealment of an edge is equal to the magnetization up
to a factor of 2; see (3-2).

In the remainder of the introduction we describe consequences of the differential inequality (1-5) and
of its generalization to the random cluster model.

1A. Critical exponent inequalities for percolation. In this section we discuss the applications of our
differential inequality (1-5) to rigorously establish inequalities between critical exponents in percolation.
We first recall the definition of Bernoulli bond percolation, referring the reader to, e.g., [Grimmett 1999] for
further background. Let G = (V, E) be a connected, locally finite, transitive graph, such as the hypercubic
lattice Z¢. Here, locally finite means that every vertex has finite degree, and transitive means that for any
two vertices x and y of G, there is an automorphism of G mapping x to y. In Bernoulli bond percolation,
each edge of G is either deleted (closed) or retained (open) independently at random with retention
probability p € [0, 1] to obtain a random subgraph w), of G. The connected components of w), are referred
to as clusters. We write P, and E,, for probabilities and expectations taken with respect to the law of w,,.

It is expected that the behaviour of various quantities describing percolation at and near the critical

parameter
pe =inf{p € [0, 1] : w, has an infinite cluster a.s.}

are described by critical exponents. For example, it is predicted that for each d > 2 there exist exponents
B, v, 8, and A such that percolation on 79 satisfies

P(IKl=00)~(p—pc)f asplpe E)[IK[1~ (pe.—p)~” as p 1 pe,

P, (K| =n)~n"'" as n 1 0o, E)[IK[1~ (pc— p)"* D2 as p 1 p,,

where K is the cluster of the origin and &~ means that the ratio of the logarithms of the two sides tends to 1
in the appropriate limit. Proving the existence of and computing these critical exponents is considered to
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be a central problem in mathematical physics. While important progress has been made in two dimensions
[Kesten 1987; Smirnov and Werner 2001; Smirnov 2001; Lawler et al. 2002], in high dimensions [Hara
and Slade 1990; Aizenman and Newman 1984; Barsky and Aizenman 1991; Nguyen 1987; Fitzner and
van der Hofstad 2017], and in various classes of infinite-dimensional graphs [Schonmann 2001; 2002;
Hutchcroft 2017; 2019], the entire picture remains completely open in dimensions 3 < d < 6.

A further central prediction of the nonrigorous theory is that, if they exist, these exponents should
satisfy the scaling relations

y=B0G—1) and Bé=A (1-6)

in every dimension. (There are also two further scaling relations involving the exponents «, v, and 7,
which we have not introduced.) See [Grimmett 1999] for a heuristic derivation of these exponents for
mathematicians and, e.g., [Cardy 1996] for more physical derivations. The heuristic derivations of (1-6)
do not rely on any special features of percolation, and the scaling relations (1-6) are expected to hold for
any natural model of random media undergoing a continuous phase transition.

A rigorous proof of (1-6) remains elusive. Special cases in which progress has been made include
the two-dimensional case, where the scaling relations (1-6) were proven by Kesten [1987], and the
high-dimensional case, where it has been proven rigorously [Aizenman and Newman 1984; Hara and
Slade 1990; Nguyen 1987; Fitzner and van der Hofstad 2017] that the exponents take their mean-field
valuesof =1, y =1, § =2, and A =2, from which it follows that (1-6) holds. (See, e.g., [Fitzner
and van der Hofstad 2017; Slade 2006] for a detailed overview of what is known in high-dimensional
percolation.) See also [Vanneuville 2019] for related results on two-dimensional Voronoi percolation.
Aside from this, progress on the rigorous understanding of (1-6) has been limited to proving inequalities
between critical exponents. In particular, it is known that
y_(S >2 ré

— <A d 2y>A 1-7
5122 3_7=4 and 2y=zA, -7

1<p@é—-1, pé=2,
whenever these exponents are well-defined: The first of these inequalities is due to Aizenman and Barsky
[1987], the second, third, and fourth are due to Newman [1986; 1987a; 1987b], and the fifth is due to
Aizenman and Newman [1984]. All of these inequalities are saturated when the exponents take their
mean-field values, and the fourth is expected to be an equality in every dimension. These inequalities are

complemented by the mean-field bounds
ﬂfla yZla azza and Azza (1_8)

which were first proven to hold in [Chayes and Chayes 1987], [Aizenman and Newman 1984], [Aizenman
and Barsky 1987], and [Durrett and Nguyen 1985], respectively. See [Grimmett 1999, Chapters 9 and 10]
for further details, and [Menshikov 1986; Newman 1986; 1987a; Duminil-Copin and Tassion 2016;
Duminil-Copin et al. 2019b] for alternative proofs of some of these inequalities.

Our first application of the differential inequality (1-5) is to rigorously prove two new critical exponent
inequalities, namely that

y<8—1 and A<y+1. (1-9)
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Note that the inequalities of (1-9) are consistent with the conjectural scaling relations (1-6) due to the
mean-field bound 8 < 1, and are saturated when the relevant exponents take their mean-field values. The
first of these inequalities is particularly interesting as it points in a different direction to the previously
known inequalities given in (1-7).

We will deduce (1-9) as a corollary of the following two theorems, which are derived from (1-5) and
which give more precise quantitative versions of these critical exponent inequalities. The first of these
theorems relates the distribution of the volume of a critical cluster to the distribution of the volume of
a subcritical cluster. It implies the critical exponent inequalities y < § — 1 and A < §. Recall that we
write K for the cluster of some arbitrarily chosen vertex.

Theorem 1.1. Let G be an infinite, connected, locally finite transitive graph, and suppose that there exist
constants C > 0 and § > 1 such that

P, (K|>n)<Cn'/?

for every n > 1. Then the following hold.:

(1) There exist positive constants ¢ and C’ such that
P,(IK| = n) < C'n P exp[—c(p. — p)°n]

foreveryO) < p < p.andn > 1.

(2) There exists a constant C” such that

" B—1D)+k-1)8
E,[|K|F] < k![ }
Pc— P

forevery0 < p < p.andk > 1.

The next theorem bounds the growth of the k-th moment of the cluster volume as p 1 p. in terms of
the growth of the first moment as p 1 p.. It implies the critical exponent inequality A <y + 1.

Theorem 1.2. Let G be an infinite, connected, locally finite transitive graph, and suppose that there exist
constants C > 0 and y > 0 such that

E,[IKN<C(p.—p)7

foreveryn > 1and 0 < p < p.. Then there exists a constant C' such that

’ y+k-1)(y+1)
E,[|K < k![ }

Pc— P
forevery0 < p < p.andk > 1.

In light of the results of [Hutchcroft 2020], Theorem 1.1 also has the following consequence for
percolation on unimodular transitive graphs of exponential growth. Here, the growth of a transitive
graph G is defined to be gr(G) = lim,_, o, | B(v, n)|'/" where v is a vertex of G and | B(v, n)]| is the ball

of radius n around v. See [Hutchcroft 2019; 2020] for more on what is known concerning percolation on
such transitive graphs.
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Corollary 1.3. Forevery g > 1 and M < oo there exist constants C = C(g, M) and A = A(g, M) such
that for every unimodular transitive graph G with degree at most M and gr(G) > g, the bound

EplIK["] < C(pe— p)~* (1-10)
holds for every 0 < p < p. and k > 1.

1B. The random cluster model. In this section we discuss generalizations and applications of (1-5) to
the random cluster model (a.k.a. FK-percolation). Since its introduction by Fortuin and Kasteleyn [1972],
the random cluster model has become recognized as the archetypal example of a dependent percolation
model, and is closely connected to the Ising and Potts models. We refer the reader to [Grimmett 2006]
for further background on the model. We expect that the results in this section will also generalize to
other models for which sharpness has been proven via the methods of [Duminil-Copin et al. 2019b].

We begin by defining the random cluster model, which we do at the natural generality of weighted
graphs. We will take a slightly unconventional approach to allow for a unified treatment of short- and
long-range models. In this paper, a weighted graph G = (G, J) is defined to be a countable graph
G = (V, E) together with an assignment of positive coupling constants {J, : e € E} such that for each
vertex of G, the sum of the coupling constants J, over all e adjacent to v is finite. A graph automorphism
of G is a weighted graph automorphism of (G, J) if it preserves the coupling constants, and a weighted
graph is said to be transitive if for every x, y € V there is an automorphism sending x to y. Note that our
weighted graphs are not required to be locally finite.

Let (G = (V, E), J) be a weighted graph with V finite, so that ) _,_,
assume that G is simple, it is possible for the edge set to be infinite.) For each ¢ > 0 and 8 > 0, we let

J., < 00. (Since we did not

the random cluster measure ¢¢ g 4 be the purely atomic probability measure on {0, 1}£ defined by

1 ers
¢G,,3,q({a)}) — Z_q#clusters(a)) | |(€'B]“ _ l)w(e),
G.ha ecE

where Zg g 4 is a normalizing constant. In particular, ¢ g , is supported on configurations containing at
most finitely many edges. It is easily verified that this measure is well-defined under the above hypotheses,
that is, that Zg g, < 00. If ¢ = 1 and J, = 1, the measure ¢¢ g 4 is simply the law of Bernoulli bond
percolation with retention probability 8 = —log(1 — p). Similarly, if ¢ = 1 and the coupling constants
are nonconstant then the measure ¢ g 4 is the law of inhomogeneous Bernoulli bond percolation.

Now suppose that G is an infinite weighted graph. For each g > 1, we define the free and wired random
cluster measures ¢g’ q and qu gonG by taking limits along finite subgraphs of G with either free or wired
boundary conditions. Let (V,),>1 be an increasing sequence of finite subsets of V with Un>1 V,=V.
For each n > 1, we define G, to be the subgraph of G induced by V, and let G}, be the graph obtained by
identifying all vertices in V' \ V,, and deleting all self-loops that are created. Both G,, and G, inherit the
coupling constants of G in the natural way. It is shown in [Grimmett 2006, Chapter 4] that if ¢ > 1 and
B > 0 then the weak limits

f . . w R :
bG.pq = ‘2’_1)1021 ¢G,.pq and o¢gg, = \:{_1)10131 bG;.p.q

are well-defined and do not depend on the choice of exhaustion (V,,),>; forevery ¢ > 1 and n > 1. (Itis
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not known whether these infinite volume limits are well-defined when ¢ < 1.) From now on we will drop
the G from our notation and write simply ¢,§, q and (j)}’{ 7 Note that ¢>/‘§f q stochastically dominates d)/‘;’ q
for each fixed 8 > 0 and ¢ > 1, and that for each ¢ > 1, # € {w, f}, and 0 < 8, < B,, the measure ¢§27q
stochastically dominates ¢§] e
The generalization of the differential inequality (1-5) to the random cluster model may be stated as
d

follows. Here (@) . denotes the lower-right Dini derivative, which we introduce properly in Section 2B.

Proposition 1.4. Let (G, J) be an infinite transitive weighted graph, and let ¢ > 1 and # € {f, w}. Then

[em’f‘l](”’)l RIIETES P L |
max — | log zn)=z3 o
eef | J, ap), =P 2Lay i ot (K| = m)

forevery >0, A >0,andn > 1.

(1-11)

Our main application of Proposition 1.4 is to establish the following sharpness result for the random
cluster model. For each # € {f, w} the critical parameter ,Bf is defined to be

Bl =BL(G.q) =inf{B>0:¢f ; (1K) =00) >0 for some v € V}.

We always have that B < B[ by stochastic domination. It is known that 8 = B! for the random cluster
model on Z¢ and other transitive amenable graphs, while it is believed that strict inequality should hold
for ¢ > 2 in the nonamenable case [Grimmett 2006, Chapter 10]. It was shown in [Duminil-Copin et al.
2019b] that the following holds for every connected, locally finite, transitive graph, every ¢ > 1, and
every # € {f, w}:

() IfB < ,Bf then there exist positive constants Cg, cg such that
¢} ,(R>n) < Cpe™ "

for every n > 1, where R is the radius of the cluster of some fixed vertex v as measured by the graph
metric on G.

(2) There exists a constant ¢ such that

¢4, (K| =00) > c(B— B}
for every B > B* with B — B sufficiently small.

The following theorem improves this result by establishing an exponential tail for the volume rather than
the radius and also by applying to long-range models, which were not treated by [Duminil-Copin et al.
2019b]. (Note that in the case of finite-range models on 74, the results of [Duminil-Copin et al. 2019b]
were known to imply an exponential tail on the volume by earlier conditional results [Grimmett 2006,
Section 5.6].)

Theorem 1.5. Let (G, J) be an infinite transitive weighted graph. Let ¢ > 1 and # € {f, w}. Then the
following hold.
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(1) For every 0 < B < B¥ there exist positive constants Cg and cg such that
ry c p B B
Oh o (IK| = n) < Cpe™ "
foreveryn > 1.

(2) The inequality
BB
2 max,cg [eﬂj;g_l] +B— B

Dho (1K =00) >

holds for every B > B.

An immediate corollary of Theorem 1.5 is that qb*g’ q[|K |] < oo for every B < ,Bf under the same
hypotheses, which did not follow from the results of [Duminil-Copin et al. 2019b] in the case that the
graph G has exponential volume growth. This allows us to apply the method of [Hutchcroft 2016] and
the fact that ¢E’ 4 18 weakly left-continuous in g for each ¢ > 1 [Grimmett 2006, Proposition 4.28c] to
deduce the following corollary for the random cluster model on transitive graphs of exponential growth.
This adaptation has already been carried out in the case ¢ = 2 (the FK-Ising model) by Raoufi [2018].

Corollary 1.6. Let G be a connected, locally finite, transitive graph of exponential growth and let g > 1.
Then ¢;f (K| =00)=0.
Finally, we generalize Theorems 1.1 and 1.2 to the random cluster model.

Theorem 1.7. Let (G, J) be an infinite transitive weighted graph. Let By > 0, g > 1, and # € {f, w}, and

suppose that there exist constants C > 0 and § > 1 such that
oh (Kl =n) <Cn”'/
for every n > 1. Then the following hold:
(1) There exist positive constants ¢y and Cy such that
¢4 (K| =n) < Cin~ " expl—c1(Bo — B)°n]
foreveryn>1and0 < B < By.
(2) There exists a positive constant ¢, such that
o} LK IF1 < kl[ea(Bo— B)1 2!
foreveryk >1and 0 < 8 < po.

Theorem 1.8. Let (G, J) be an infinite transitive weighted graph. Let By > 0, g > 1, and # € {f, w}, and
suppose that there exist constants C > 0 and y > 0 such that

¢§,q[|K|] <CBo—pB)"
for every n > 1. Then there exists a positive constant ¢ such that
¢§,q[|K|k] < k'[C(IBO — ﬂ)]_(k_l)()/-i-l)—y

foreveryn,k>1and 0 < g < fo.
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It follows from these theorems that the critical exponent inequalities y <§ — 1 and A <y + 1 hold for
the random cluster model whenever these exponents are well-defined, § > 1 and g > 1.

We remark that the previous literature on critical exponents for the random cluster model with g ¢ {1, 2}
seems rather limited, although the sharpness results of [Duminil-Copin et al. 2019b] imply the mean-field
bound g < 1. It is also known that the exponent inequalities we derive here are sharp in mean-field for
q € [1, 2), where the exponents are the same as for percolation [Bollobas et al. 1996]. Note that it is
expected that when ¢ is large the random cluster model undergoes a discontinuous (first-order) phase
transition; see [Bollobds et al. 1996; Laanait et al. 1991; Duminil-Copin et al. 2016; Ray and Spinka
2019].

Remark 1.9. Note that our methods still yield useful bounds in the case § < 1, but the exact forms of
the inequalities will be different. For example, in Theorem 1.7 if § = 1 one would obtain that there exist

constants C’ and ¢ such that
¢§,q(|K| = I’l) =< C/n_l exp|:_ C(IBO - :8)7’1 :|’

—log(Bo—B)

while if § < 1 then one would simply obtain that there exist constants C’ and ¢ such that

¢4, (1K1 =n) < C'n™"" expl—c(Bo — B)nl.

Such inequalities are not relevant for percolation due to the mean-field lower bound § > 2, but may be
useful for the random-cluster model. Our method also applies unproblematically to more complicated
bounds, so that one could convert, say, a critical bound of the form ¢§m q(|K | >n)<Cn=1/3 log*(n+1)
with § > 1 and « € R into a subcritical bound of the form

c(Be—B)’n }

Pha1K 2 = Cn™Plog (1) exp[_ (—log(Be — B))

2. Background

2A. Monotonic measures. Let A be a countable set. A probability measure u on {0, 1}4 is said to be
positively associated if

p(f(w)g(w)) = u(f(@)u(g(w))

for every pair of increasing functions f, g : {0, 1}* — R, and is said to be monotonic if

plw(e) =1 wlr=5§)= nlwle)=1lolr=7)

whenever FF C A, e€ A, and &, ¢ € {0, 1}¥ are such that & > ¢. It follows immediately from this definition
that if 4 is a monotonic measure on {0, 1}4 and v is a monotonic measure on {0, 1}5, then the product
measure i ® v is monotonic on {0, 1}A15,

Monotonic measures are positively associated, but positively associated measures need not be mono-

tonic; see [Grimmett 2006, Chapter 2]. Indeed, it is proven in [Grimmett 2006, Theorem 2.24] that if
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A is finite and p gives positive mass to every element of {0, 1}* then it is monotonic if and only if it
satisfies the FKG lattice condition, which states that

(w1 Vo) pu(wr Awy) > p(wr) (wr)

for every wi, s € {0, 1}4. In particular, it follows readily from this that the random cluster measures
with ¢ > 1 on any (finite or countably infinite) weighted graph (G, J) are monotonic.

2B. Derivative formulae. Let G = (G, J) be a finite weighted graph. Then for every function F' :
{0, 1} — R, we have the derivative formula [Grimmett 2006, Theorem 3.12]

ﬁd)ﬁ glFw)] = Z ﬁ, COV¢ﬁ JF (), w(e)], (2-1
where we write Cov, [X, Y] = u(XY) — u(X)u(Y) for the covariance of two random variables X and Y
under the measure u.

To discuss the generalization of this derivative formula to the infinite volume case, we must first
introduce Dini derivatives, referring the reader to [Kannan and Krueger 1996] for further background.
The lower-right Dini derivative of a function f : [a, b] — R is defined to be

d St = f)
(E)Jrf(x) = hr;l&)nf .

for each x € [a, b). Note that if f : [a, b] — R is increasing then we have that

bra
Fb) = fla) > / (d—> £ dx,
a x +

so that we may use differential inequalities involving Dini derivatives in essentially the same way
that we use standard differential inequalities. (It is a theorem of Banach [Kannan and Krueger 1996,
Theorem 3.6.5] that measurable functions have measurable Dini derivatives, so that the above integral is
well-defined.) We also have the validity of the usual logarithmic derivative formula

d 1
(dx) loe f =% >( )f( 5

The following proposition yields a version of (2-1) valid in the infinite-volume setting.

Proposition 2.1. Let G = (G, J) be a weighted graph and let F : {0, 1}£ — R be an increasing function,
and let # € {f, w}. Then

d
< ﬂ) Oh F(@)]=) ——— ﬂ 7 Cove, [F (@), ()] (2-2)

ecE

for every g > 0.

Proof. We prove the claim in the case # = {, the case # = w being similar. Fix 8y > 0 and let A be a finite
set of edges. Let (V},),>1 be an exhaustion of V, let G, be the subgraph of G induced by V,, and let E,
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be the edge set of G,. Foreachn > 1, B > 0and g > 1 we define ¢, g 5,4, 4 ({@w}) by

#Clusters(w) 1_[ (eﬂJ l)w(e) l_[ (eﬂofe_l)w(e)

ecANE, ecE,\A

wt) =
?G,.8.p0.9.4({0}) = 77
for an appropriate normalizing constant Z = Z(n, 8, g, A). The usual proof of the existence of the infinite
volume random cluster measures yields that the measures ¢g, g g,.4,4 converge weakly to a limiting
measure ¢;;’ fo.q.A AS T —> 00 Using the assumption that A is finite, it is straightforward to adapt the usual
proof of (2-1) to show that d’g, fo.d, 4[F (w)] is differentiable and that

dﬁ¢ﬂﬂoqA F@l= Y. o Covyg  [F@), (@)

ecA

for every function F(w) — R with qﬁgm 4LF (@)] < 00. On the other hand, the FKG property implies that
¢f3’ q stochastically dominates ¢>g’ Borq, A for every B > By, and we deduce that if F is increasing then

#h  LF @)~k [Fw)]

1
liminf > liminf su ! F(0)] — ¢ F(w
8180 ﬁ_,BO 8180 Ap,B—ﬁ()[¢'B"BO’q’A[ ( )] ¢ﬂo,ﬂ0,q,A[ ( )]]
o 1 £ £
= suplim inf —ﬂ L8 po.q. A LF @) = By g aLF (@)]
= sup 2/; eﬂfe — Covgr . [F(),0()]
ec

_ Z e,BOJe — COV¢t [F(a)), w(e)],

where the final equality follows by positive association. The claim follows since By > 0 was arbitrary. [

2C. Decision trees and the OSSS inequality. LetN={1,2, ...}, and let E be a countable set. A decision
tree is a function T : {0, 1}¥ — EN from subsets of E to infinite E-valued sequences with the property
that T () = e for some fixed e; € E, and for each n > 2 there exists a function S, : (E x {0, 1})"! - E
such that

Ty(w) = Sul(T;, o(T))' =]

In other words, T is a deterministic procedure for querying the values of w € {0, 1}£, that starts by
querying the value of w(e;) and chooses which values to query at each subsequent step as a function of
the values it has already observed.

Now let 1« be a probability measure on {0, 1}£ and let w be a random variable with law 1. Given a
decision tree T and n > 1 we let F,(T") be the o-algebra generated by the random variables {T;(w) :
1 <i <n}andlet F(T) = |J F,(T). For each measurable function f : {0, E - [—1, 1], we say that
T computes f if f(w) is measurable with respect to the u-completion of 7 (7). By the martingale
convergence theorem, if f is p-integrable this is equivalent to the statement that

ULf @) | Fo(T)] = (@) peas.
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For each e € E, we define the revealment probability
8.(T, i) = p(there exists n > 1 such that 7,,(w) = e).

Finally, following [O’Donnell et al. 2005], we define for each probability measure & on {0, 1}* and each
pair of measurable functions f, g : {0, 1}* — R the quantity

CoVr,lf, gl = nu @ ull f(w1) — g(w)|] — ull f(wr1) — g(wpll,

where w1, w, are drawn independently from the measure p, so that if f and g are {0, 1}-valued then

CoVryulf, gl =2Cov,[f, gl =2u(f(®) = gw) =1) = 2u(f(w) =1)u(g®) = 1). (2-3)

We are now ready to state Duminil-Copin, Raoufi, and Tassion’s generalization of the OSSS inequality to
monotonic measures [Duminil-Copin et al. 2019b].

Theorem 2.2. Let E be a finite or countably infinite set and let ju be a monotonic measure on {0, 1}£.
Then for every pair of measurable, p-integrable functions f, g : {0, 1}¥ — R with f increasing and every
decision tree T computing g we have that

3ICOVI,Lf, gll <D 8.(T, 1) Covulf, w(e)].
ecE
Remark 2.3. In [Duminil-Copin et al. 2019b], only the special case of Theorem 2.2 in which E is finite and
f = g is stated. The version with E finite but f not necessarily equal to g follows by an easy modification
of their proof, identical to that carried out in [O’Donnell et al. 2005, Section 3.3] —note in particular
that when running this modified proof only f is required to be increasing. The restriction that E is finite
can be removed via a straightforward Martingale argument [Duminil-Copin et al. 2019b, Remark 2.4].

The statement above will be somewhat inconvenient in our analysis as the algorithm we use is naturally
described as a parallel algorithm rather than a serial algorithm. To allow for such parallelization, we
define a decision forest to be a collection of decision trees F = {T' : i € I} indexed by a countable set I.
Given a decision forest F = {T' : i € I} we let F(F) be the smallest o-algebra containing all of the
o-algebras F(T"). Given a measure p on {0, 1}£, a function f : {0, 1}* — R and a decision forest F, we
say that F' computes f if f is measurable with respect to the p-completion of the o -algebra F(F). We
also define the revealment probability 3. (F, i) to be the probability under u that there exist i € I and
n > 1 such that T! (w) = e.

Corollary 2.4. Let E be a finite or countably infinite set and let |1 be a monotonic measure on {0, 1}~.
Then for every pair of measurable, p-integrable functions f, g : {0, 1}¥ — R with f increasing and every
decision forest F computing g we have that

3ICoVr,Lf, g1l < Y 8(F. ) Covylf, w(e)].
ecE

Proof. We may assume that I = {1, 2, ...}. The claim may be deduced from Theorem 2.2 by “serializing”
the decision forest F into a decision tree 7. This can be done, for example, by executing the j-th step of
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the decision tree 7' at the time p;/ where p; is the i-th prime, and re-querying the first input queried by
T! at all times that are not prime powers. This decision tree T clearly computes the same functions as the
decision forest F and has 6,(T', u) = 8. (F, ) for every e € E, so the claim follows from Theorem 2.2. [J

3. Derivation of the differential inequality

Given a graph G = (V, E), a vertex v and a configuration w € {0, 1}%, we write K, = K, () for the
cluster of v in w.

Proposition 3.1. Let G = (V, E) be a countable graph and . be a monotonic measure on {0, 1}£. Then

{(1 — e_k) — I,L[l — e_MKul/”]

Cov,[1(|Ky| = n), w(e)] >
Y Covull(Ku| = n), w(e)] 2 Supyey i1 e HKal/n]

ecE

}M(IKUI >n) (3-D

foreveryveV, n>1and )\ > 0.

Proof. Let o € {0, 1}¥ be a random variable with law u. Independently of w, let n € {0, 1}V be a
random subset of V where vertices are included independently at random with inclusion probability
h=1—e*" < Xx/n. We refer to 1 as the ghost field and call vertices with n(v) = 1 green. Let P and E
denote probabilities and expectations taken with respect to the joint law of w and 5, which is monotonic.
Fix a vertex v, and let f, g : {0, 1}¥YV — {0, 1} be the increasing functions defined by

flw,n)=1(Ky(w)|>n) and g(w,n)=121(n(u) =1 for some u € K,(w)).

For each u € V, we define T" to be a decision tree that first queries the status of n(u), halts if it
discovers that n(u) = 0, and otherwise explores the cluster of # in w. We now define this decision tree
more formally; if the reader is satisfied with the informal description they may safely skip the rest of
this paragraph. Fix an enumeration of E and a vertex u € V. Set T{"(w, n) = u. If n(u) =0, set T, = u
for every n > 2 (i.e., halt). If n(u) = 1, we define T (w, ) for n > 2 as follows. At each step of the
decision tree, we will have a set of vertices U}/, a set of revealed open edges O}, and a set of revealed
closed edges C,;. We initialize by setting U{' = u and O,/ = C}{ = &. Suppose that n > 1 and that we
have computed (U}, O, C{, T}) for k < n. If every edge with at least one endpoint in U}/ is either in O},
or C then we set (U;:H’ OZ‘H, CZH’ Tn”H) = Uy, O}, Cl, T)) (i.e., we halt). Otherwise, we set Tn“+l
to be the element of the set of edges that touch U,/ but are not in O,/ or C,/ that is minimal with respect
to the fixed enumeration of E. If w(Tn”+1) =1 weset U}/ 1 to be the union of U, with the endpoints
of T) |, set O, = Oy U{T ,} and set C; | = C,,. Otherwise, o(T}}, ;) =0 and we set U,’ | = U,
set 0, =0, andset C, , =C,U{T' }.

It is easily verified that this decision tree 7" satisfies
{u} n(u) =0,

{xe VUE :T)(w,n) =x forsome n > 1} = {
{WpUEK, (@) n) =1,

where E(K,(w)) is the set of edges with at least one endpoint in K, (). In particular, we clearly have
that the decision forest F = {T" : u € V} computes g.
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Since f and g are increasing and {0, 1}-valued, we may apply Corollary 2.4 and (2-3) to deduce that
Covplf, 81 < D 8.(F, ) Covpl f, w(e)]+ Y 8.(F, ) Covplf, n()] =Y _ 8,(F, ) Cov,lf, w(e)],
ecE ueV ecE

where the equality on the right follows since f(w, n) = 1(|K,(w)| > n) is independent of . Now, an
edge e is revealed by F(w, n) if and only if the cluster of at least one endpoint of e contains a green
vertex, and, writing n(A) = >, 4 n(u) for each set A C V, it follows that

8e(F, ) <2sup P(n(K,) = 1) =2 sup [l — e MK/ (3-2)

ueV ueV

for every e € E and hence that
Covpl f, g] < 2sup u[l — e MK/"1 Y " Cov, [ £, w(e)]. (3-3)

ueV ecE

To conclude, simply note that
Covplf. g1 =P(Ky| = n, n(K,) = 1) —P(n(K,) = Du(|K,| = n)
= u[(1 = e VMK, = )] = ull — e VM u( K| = )
> (1—e MKyl = n) — ull —e MKy = n). (3-4)

Combining (3-3) and (3-4) and rearranging yields the desired inequality. (]

Proof of Proposition 1.4. This is immediate from Propositions 2.1 and 3.1 together with the inequality
1 — e MKl/m < 1 A X|K,|/n, which yields the bound

[n/A]
_ A n
I ;d)ﬁ,q[x A |KU|} == ) Bhg UKl Zm). O

m=1
Taking the limit as A | O in Proposition 1.4 yields the following corollary.
Corollary 3.2. Let (G, J) be an infinite transitive weighted graph, and let ¢ > 1 and # € {f, w}. Then

max[eﬁje_l:Ki) log ¢} (1K | > )>1|:L—1:| (3-5)
et | g \ap), BPRITIE =0 of k)

foreveryn>1and g > 0.

Since ¢§, UKl =n) is increasing in B, the following inequalities may be obtained by integrating the
differential inequalities of Proposition 1.4 and Corollary 3.2: Letting C(8) = maX,c eleP’e—1) /J.] for
each B > 0, and noting that C(8) is an increasing function of 8, we have that

-1
. ‘o [_ (1—e"N(Bo—P)n ﬂo—ﬁ} 16
Pp.qIKIZ 1) = g, , (K| = n)exp 2C(Bo) X1 By g 1K | = m) " 2C(ho) oY
and (Bo— B) Bo—PB
* K # K [— S o ] 37
Pp.q 1K1 2 1) = P o IK| = ) exp 2C(,30)¢§o,q[|K|] " 2C(ho) o

foreveryn>1, 0 <8 <fp,and g > 1.
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4. Analysis of the differential inequality

4A. Critical exponent inequalities. In this section we apply Proposition 1.4 to prove Theorems 1.1, 1.2,
1.7 and 1.8.

Proof of Theorems 1.1 and 1.7. 1t suffices to prove Theorem 1.7, of which Theorem 1.1 is a special case.
Fix Bo > 0, and suppose that there exist constants C > 0 and § > 1 such that ¢§0, q(|K | >n) <Cn~'/% for
every n > 1. In this proof, we use < and > to denote inequalities that hold up to positive multiplicative
constants depending only on (G, J), §, C, and By. Since § > 1 we have

n
Y b gUKI=m) <n'1/
m=1

for every n > 1 and hence by (3-6) that

% (K| =n) <n" exp[—ci(Bo— B)n'"*]

for every 0 < 1 < Bp and n > 1. This inequality may be summed over n to obtain that

Oh LK =D ¢h (Kl Zm = Y n~Pexpl—ci(Bo—Bn' 1 < (Bo— B0 @4-D)

n>1 n>1

for every 0 < 1 < Bp and n > 1. Thus, we have by (3-7) that

8% (K| >n) <n~1/ eXP[—Cz B Pon }

(Bo— B1)~o+!

for every 0 < 8 < B1 < Bo and n > 1. Item (1) of the theorem follows by taking 8; = (8o + B)/2.
Item (2) of the theorem is a simple analytic consequence of item (1) since we have that

B (K| =x) =@} (K| = [x]) =x™"? exp[—c2(Bo — B)’x]

for every x > 0, and consequently, letting & = c(Bo — B)° and & =k — 1 — 1/8, we have that

o0 00
¢§,q[|K|k] =k/ xk_1¢§,q(|K| > x)dx < k/ x%e % dx
0 =0
00 X
=ke ! / y¥e ' dy
y=0

=kl (a+ e ! <kle7o!
=k![c2(By — B)) 0 k-D-6-D (4-2)

for every k > 1 and 0 < 8 < By, where we used the change of variables y = ex in the final equality on
the first line. (Il

Proof of Theorems 1.2 and 1.8. This proof is similar to that of Theorem 1.7. Fix fy > 0, and suppose
that there exist constants C > 0 and y > 0 such that ¢§’q(|K| >n) < C(Bp— B)~7 forevery 0 < 8 < Bo.
In this proof, we use < and > to denote inequalities that hold up to positive multiplicative constants
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depending only on (G, J), y, C, and By. By (3-7) and Markov’s inequality there exist positive constants
c1 and ¢, such that

¢, K] n(B1 — Bo) 1
¢h (K| = n) = P = ex [— l#l—n} < ——————exp[—c2(B1 — Bo) *n]
n % KT 1~ (Bo—Byrn
for every 0 < 8 < B1 < Bop and n > 1. The proof may be concluded by taking 8; = (8o + B8)/2 and
performing essentially the same calculation as in (4-2). O

4B. Sharpness of the phase transition. We next apply Proposition 1.4 to prove Theorem 1.5. The proof
is very similar to that given in [Duminil-Copin et al. 2019b]. (Note that the analysis presented there
substantially simplified the original analysis of Menshikov [1986].) We include it for completeness since
our differential inequality is slightly different, and so that we can optimize the constants appearing in
item (2) of Theorem 1.5.

Proof of Theorem 1.5. We begin by defining

Bf = sup{,B > 0 : there exist ¢, C > 0 such that ¢g,q(|K| >n) < Cn~ ¢ for every n > l}

log ¢ (K| > n)
= inf{,BgO:limsup = P%.q 20}.
n— o0 logn

We trivially have that ,3f < B¥. Moreover, it is an immediate consequence of Theorem 1.7 that for every
0<B< ,5f there exist Cg, cg > 0 such that

¢§,q(|K| >n) < Cge “*" forevery n > 1. (4-3)

We next claim that ¢§’q(|K| = 00) > 0 for every > Bf To this end, write P,(B) = ¢§’q(|K| >n)
and %, (8) = Y."_{, Pn(B) and let
k

1 > 1¢# (IK|>n)
— n
logk = n B -

T (B) =

for each B > 0 and k > 2, so that limy_, o Tx(B) = ¢§,q(|K| = o0) for each 8 > 0. Let
C(B) = max[ (e’ —1)/J.]
ecE

as above. Applying Proposition 1.4 with A = 1, we obtain that

d 1 ST —eHP(B)  Pu(B)
(%)fk(ﬁ )zzcw)logkz{ SR n]

n=1

for every > 0 and k > 2. Using the inequality

Pn Zn1 1

—2/ —dx =logX,+; —logX%,,
z:n )} X
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we deduce that

(i) g = 1D 0eZnB) 1)
dp ), 2C(B)logk 2C(B)

for every § > 0 and k > 1. Fixing Bf < B1 < By and using that C(f) is increasing in 8, we deduce that

(d ) Ti(f) > (1—e Dlog Ty 1(B)  Te(B)
dp 2C(B2) logk 2C(B1)

for every ;) < B < B, and hence by definition of Ef that

d (1—e)  ¢f, (KI=00)
li f — ’ .
P i‘é<ﬂz(dﬂ) TP = e 2C(A1)

Integrating this inequality yields that

. P2/ d —e HYB=B1)  (B2—B)
# _ _ # _
¢p, 4(IK| =00) Zh]ff_l)gpfﬁl (dﬁ) T, (B)dB > 3C(By) 2CBD) ¢p, 4(IK| =00)

which rearranges to give that

_ o1 _
)E(C(ﬁl))(l e ) (B /31)>0 b

#
K|=
Ppr.q (K] C(B)/) 2C(B1)+B— B

The claim now follows since ,3~f < B1 < B were arbitrary. We deduce that ,3f > ,Bf and hence that
,8# ,3 so that in particular item (1) of the theorem follows from (4-3).

It remains only to prove item (2), which amounts to improving the constants in (4-4). We apply
Proposition 1.4 again to obtain that

k
d 1 (1—eMP(B)  Pu(B)
( ) Ti(B) = 5 Z[ -
ap 2C(p)logk AZ /) (B) n
for each k > 2, 8 >0, and A > 0. Arguing in a similar way to before, we obtain that

d et 9l (KI=00)
1 f — -
‘,fiﬁipﬂli%wz(dﬁ) B = ; 2C(5) 208D

for every B* < B < B,. Sending A — oo, it follows by elementary analysis that

B 1—¢}h (K| =00) (B —BH(1 = 9% (K| =00))
oK =00y = [~ ap > g
’ Bt 2C(B) 2C(B")
for every B/ > B, which rearranges to give the claim. (I
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MEAN-FIELD TRICRITICAL POLYMERS

ROLAND BAUERSCHMIDT AND GORDON SLADE

We provide an introductory account of a tricritical phase diagram, in the setting of a mean-field random
walk model of a polymer density transition, and clarify the nature of the density transition in this context.
We consider a continuous-time random walk model on the complete graph, in the limit as the number of
vertices N in the graph grows to infinity. The walk has a repulsive self-interaction, as well as a competing
attractive self-interaction whose strength is controlled by a parameter g. A chemical potential v controls
the walk length. We determine the phase diagram in the (g, v) plane, as a model of a density transition for
a single linear polymer chain. A dilute phase (walk of bounded length) is separated from a dense phase
(walk of length of order N) by a phase boundary curve. The phase boundary is divided into two parts,
corresponding to first-order and second-order phase transitions, with the division occurring at a tricritical
point. The proof uses a supersymmetric representation for the random walk model, followed by a single
block-spin renormalisation group step to reduce the problem to a 1-dimensional integral, followed by
application of the Laplace method for an integral with a large parameter.

1. The model and results

1.1. Introduction. Models of critical phenomena such as the Ising model and percolation continue to be
of central interest in the probability literature. In such models, a single parameter (temperature for the
Ising model or occupation density for percolation) is tuned to a critical value in order to observe universal
critical behaviour. In tricritical models, it is instead necessary to tune two parameters simultaneously to
observe tricritical behaviour. Despite their importance for physical applications, tricritical phenomena
have received much less attention in the mathematical literature than critical phenomena. Our purpose in
this paper is to provide an introductory account of a tricritical phase diagram, in the setting of a mean-field
random walk model of a polymer density transition, and to clarify the nature of the density transition in
this context.

The self-avoiding walk is a starting point for the mathematical modelling of the chemical physics of
a single linear polymer chain in a solvent [de Gennes 1979]. The theory of the self-avoiding walk has
primarily been developed in the setting of an infinite lattice, often Z%. So far, this theory has failed to
provide theorems capturing the critical behaviour in dimensions d = 2, 3, such as a precise description of
the typical end-to-end distance, and such problems are rightly considered to be both highly important
and notoriously difficult. On Z, basic quantities such as the susceptibility — the generating function
Y o2 o cn2" for the number of n-step self-avoiding walks started from the origin — can be used to model
a polymer chain in the dilute phase. The susceptibility is undefined when |z| exceeds the reciprocal of

MSC2010: primary 82B27, 82B41; secondary 60K35.
Keywords: polymer model, complete graph, mean field, phase transition, tricritical point, theta point.
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Figure 1. A typical tricritical phase diagram. The second-order curve (dashed line) and
the first-order curve (solid line) meet at the tricritical point. The shaded region is the
dilute phase (bounded susceptibility) and the unshaded region is the dense phase.

the connective constant © = lim,_, o c,l/ " It is however large values of z that are required to model the
dense phase, as in [Bousquet-Mélou et al. 2005; Duminil-Copin et al. 2014; Madras 1995], and some
finite-volume approximation is needed for this. Much remains to be learned about the phase transition
from the dilute to the dense phase, including its tricritical nature.

We study a mean-field model based on a continuous-time random walk on the complete graph on N
vertices, in the limit N — o0o. The walk has a repulsive self-interaction which models the excluded-volume
effect of a linear polymer, as well as a competing attractive self-interaction which models the tendency
of the polymer to avoid contact with the solvent. The strength of the self-attraction is controlled by a
parameter g, with attraction increasing as g becomes more negative. A chemical potential v controls the
walk length. We investigate the phase diagram in the (g, v) plane R? (positive and negative values), as a
model of a density transition for a single linear polymer chain.

In the physics literature, the nature of the phase diagram is well understood. The dilute and dense phases
are separated by a phase boundary curve v =v.(g) as in Figure 1. The phase boundary itself is divided into
two parts: a second-order part for g > g. across which the average polymer density varies continuously,
and a first-order part for g < g. across which the density has a jump discontinuity. The two pieces of
the phase boundary are separated by the tricritical point (g., v.(g.)), known as the theta point. Tricritical
behaviour differs from critical behaviour in the number of parameters that must be tuned. For critical
behaviour, an experimentalist needs to tune a single variable to its critical value (given g, tune to v.(g)).
For tricritical behaviour, two variables must be tuned (tune to (g., v.(g.))). A mathematically rigorous
theory of the mean-field tricritical polymer density transition has been lacking, and our purpose here is to
provide such a theory. Our analysis could be extended to study the tricritical behaviour of n-component
spins or higher-order multicritical points. Surprisingly, the mean-field theory of the density transition
for the strictly self-avoiding walk has only very recently been developed [Deng et al. 2019; Slade 2020].

The upper critical dimension for the tricritical behaviour is predicted to be d = 3, and mean-field
tricritical behaviour is predicted for the model on Z¢ in dimensions d > 3. On the other hand, for the
critical behaviour associated with the second-order part of the phase boundary, the upper critical dimension
is instead d = 4.
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Nonrigorous methods were used in the physics literature to study the density transition in dimensions
2 and 3, and in particular its tricritical behaviour, in the 1980s [Duplantier 1986; 1987; Duplantier and
Saleur 1987a; 1987b]. In recent work with Lohmann, we applied a rigorous renormalisation group method
to study the 3-dimensional tricritical point [Bauerschmidt et al. 2020], and proved that the tricritical
two-point function has Gaussian |x|~! decay for the model on Z3. In [Golowich and Imbrie 1995], the
transition across the second-order phase boundary was studied on a 4-dimensional hierarchical lattice,
where a logarithmic correction to the mean-field behaviour of the density was proved. These references
make use of an interpretation of the polymer model as the n = 0 version of an n-component spin model.
We also implement this strategy, using an exact representation of the random walk model based on
supersymmetry. After a transformation which can be regarded as a single block-spin renormalisation
group step, this representation takes on a form which permits application of the Laplace method for
integrals involving a large parameter.

In the mathematical literature, it has been more common to model the polymer collapse transition in
terms of the interacting self-avoiding walk in which a walk with a self-repulsion receives an energetic
reward for nearest-neighbour contacts. A review of the literature on this model can be found in [den
Hollander 2009, Chapter 6]; more recent papers include [Bauerschmidt et al. 2017; Hammond and
Helmuth 2019; Pétrélis and Torri 2018]. In our mean-field model set on the complete graph, there is no
geometry, and the notion of collapse (a highly localised walk) is less meaningful. We therefore concentrate
on the density transition and its tricritical behaviour.

1.2. The model.

1.2.1. Definitions. Let A be a finite set with N vertices; ultimately we are interested in the limit N — oo.
Let X = (X (#))e[0,00) be the continuous-time simple random walk on the complete graph with vertex
set A. This is the walk with generator A defined, for f : A — R, by

Af=~ = f)  en. (1)
N yeEA
Equivalently, when the walk is at x € A, it steps to a uniformly chosen vertex in A \ {x} after an
exponentially distributed holding time with rate 1 — % The steps and holding times are all independent.
We denote expectation for X with initial point X (0) = x by Ej.
The local time of X at x up to time T is the random variable

T
Lty 2/ 1x=x dt (x € N), (1-2)
0

which measures the amount of time spent by the walk at x up to time 7. Let L denote the vector of all
local times. Given a function p : [0, c0) — [0, co) with p(0) = 1, we write py(L7) = [[,cp P(L7.x).
Let x, y € A. Assuming the integrals exist, the two-point function is

o0
ny=/ Ex(pn(LT)1x(1)=y) dT, (1-3)
0
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and the susceptibility is

X=3Gu= [ EpwiLr)ar. (1-4)

yeA 0

The right-hand side is independent of x € A.
We define the random variable L, the length of X, by its probability density function

1
Ju(T) = ;Ex(PN(LT)) (T =0), (1-5)

which is also independent of x € A. The expected value of the length is

EL = %foo TE(pn(L7))dT. (1-6)
0

The expected length can be written more compactly using a dot to represent differentiation with respect

to € at € = 0, when p(s) is replaced by p(s)e™“*. With this notation, since T = ) L7y,
1

FL=——j. (1-7)
X

Assuming the limit exists, the density of the walk is defined by

1
p= lim —EL. (1-8)

N—o0

1.2.2. Example. Although our results will be presented more generally, we are motivated by the example
p)y=e™"E (1> 0), (1-9)

where g, v € R (we have set the coefficient of 73 to equal 1; its specific value is unimportant). For p
defined by (1-9), the two-point function becomes

00
ny(g: V) = / E, (67Z"EA(L%XJrgsz"‘)lX(T):y)e_vT dT. (1-10)
0

The above integral is finite for all g, v € R, since by Holder’s inequality

1/3
T=Y Lr,< (Z L;x) |A1P3, (1-11)

xXeA xeA
and also
Y L7, <(upLr) ) Ly <T? (1-12)
XEA X X
o)

0
ny(g,v)ff eI HSIT HIT gy o oo, (1-13)
0
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By definition,

T T
ZLZT’)C:‘/O /0 Lx(s)=x () ds dt, (1-14)

xeA

T T pT
ZL3T,x=fO /o /o Ix=xt)=xw) ds dt du. (1-15)

xeA

Our interest lies in the case g < 0. In this case, walks X for which the local time has large £3-norm
are penalised by the factor e~ Lren L1 (three-body repulsion), whereas those with large ¢?>-norm are
rewarded by the factor e™ LrenlsIL (two-body attraction). This is a model of a linear polymer in a
solvent. The parameter v is a chemical potential which controls the length of the polymer. The three-body
repulsion models the excluded volume effect, and the two-body attraction models the effect of temperature
or solvent quality. The competition between attraction and repulsion, together with the variable length
mediated by the chemical potential, leads to a rich phase diagram.

1.2.3. Effective potential. The mean-field Ising model, known as the Curie—Weiss model, can be anal-
ysed in terms of the effective potential Vising () = ggaz — log cosh(B¢). In [Bauerschmidt et al. 2019,
Section 1.4], this effective potential was derived as the result of a single block-spin renormalisation group
step. Our approach is based on this idea.

For the mean-field polymer model with interaction p, we define the effective potential V : [0, 0o) — R by

V(1) =t —log(1 4+ v(1)), v(t):/OO p(s)e—s\/gll(zﬁ)ds, (1-16)
0

with 7; the modified Bessel function of the first kind. We show in Proposition 1.1 that the integral v(¢)
is finite if p is integrable. By definition, V (0) = 0.

The variable ¢ corresponds to %<p2 for the Ising effective potential. It is common in tricritical theory to
encounter a triple-well potential; a double well for V (¢) in our setting corresponds to a triple well as a
function of ¢.

The effective potential occurs in integral representations of the two-point function, the susceptibility,
and the expected length. In contrast to the analysis of the mean-field Ising model in [Bauerschmidt et al.
2019, Section 1.4], the integral representations involve the notions of fermions and supersymmetry as
presented in [Bauerschmidt et al. 2019, Chapter 11]. Nevertheless, the integral representation reduces to
a 1-dimensional Lebesgue integral. For example, as noted below (3-17), the two-point function at distinct
points labelled 0, 1 has the integral representation

Go| = /Oo e NNV =V @) +2V" () = V' (1))t dt. (1-17)
0

Similarly Ggy, x, and EL are represented by integrals of the form fooo e NV K (1) dt for suitable
kernels K. The asymptotic behaviour of such integrals, as N — oo, can be computed using the Laplace
method. This requires knowledge of the minimum structure of the effective potential V. The use of the
minimum structure to predict the phase diagram is referred to as the Landau theory (see, e.g., [Arovas
2019, Section 7.6.4] where our variable ¢ corresponds to m?).
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We assume throughout the paper that p : [0, oo) — [0, 00) is such that e** p(s) is a Schwartz function for
some € > 0; this assumption is a convenience that permits direct application of the integral representation
given in Theorem 2.2. In particular, p is integrable. We also assume that p(0) = 1.

The following elementary proposition collects some basic facts about the effective potential. Weaker
assumptions on p and a stronger analyticity conclusion for V are possible, but the proposition is sufficient
for our needs as it is stated. The proposition shows that V is analytic on (0, co) under our assumption
that p is integrable. It also shows that the derivatives of the effective potential at t = 0 can be expressed
in terms of the moments of p(s)e™ defined by

Msz p(s)e " skds k=0,1,...). (1-18)
0

Such derivatives appear in Definition 1.2 and Theorems 1.3—1.4 below.

Proposition 1.1. (i) IffoOo p(s)ds < oo then V is well-defined and analytic in t € (0, 00). Moreover, if
p(s) < O(e™®) for some € > O then there exists § > 0 such that V(t) = ét + O(1) as t — o0.

(i1) Derivatives of V at t = 0 (with the dot notation as indicated above (1-7)) are given by
V'(0)=1-My, V' (0)=M;—M;, V" (0)=—1M+3MMy—2M;, V(0)=0, V'(0)=M;. (1-19)

Proof. (1) The modified Bessel function /; is the entire function

00 1 z 2k+1
II(Z)=Zm(E) : (1-20)

k=0

Its asymptotic behaviour is 71(z) ~ % as z | 0and I,(z) ~ 1/4/2mz €% as z — oo. Thus the integral v(¢)
converges when p is integrable, and V (¢) is well-defined.

To prove that V is analytic on (0, 00), since ¢ > +/f is analytic, it suffices to prove that the function
w(z) = v(z?) is entire. By definition, for z € C,

o0
w(z) =z/ p(s)e  s™121,(25'%7) ds. (1-21)
0
The modified Bessel functions obey
1
L@ <1 ~ el 1-22
11n(2)| < In(|z]) Nz (1-22)

as |z] — oo and the same asymptotics hold for their derivatives. This permits differentiation under the
integral and guarantees existence of the derivative w’(z).

For the lower bound on V, we apply the assumption p(s) < O(e~¢*), the bounds /;(z) < O(e*) for
z>1and I,(z) < O(z) for z < 1, and the inequality 2+/st < (14¢€/2)s + (1 —8)t with 1 =8 = (1 +e/2)_l.
Together, these lead to

o0 o0
V(@) <C+C / e TSV gy < CellmO! f e 2 ds < 0", (1-23)
1 0

and hence V() =t —log(1 +v(¢)) = 6t + O(1).
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(i1) The Taylor expansion of v(¢) att =0 is

_ > —s = 1 k+1 k) _ = 1 M k+1 1-24
”(t)_/o p(s)e (g rk+n C ds_gk!(kﬂ)! W (1-24)
In particular,
_ / _ " _ (k) _ Mk—l
v(0)=0, V(0)=M,y, V'0)=M;, v¥0) = Y (k=>1). (1-25)
Computation gives
oo V(1) N A0 v\’
vo=l-roo Y (t)__1+v(t)+(1+v(t)) ’ (1-26)

and the third derivative can be computed similarly. This leads to the statements for the derivatives of V
with respect to 7.

Finally, V(O) = 0 since V(0) = 0 holds also when p(s) is replaced by p(s)e €, and V’(O) = M,
follows from V/(0) = 1 — My and My = —M,. O

1.3. General results. In the following definition, we have in mind the situation where the effective
potential V is defined by a function p which is parametrised by two real parameters (g, v) as in (1-9).
Different choices of parameters can correspond to different cases in the definition. For the specific example
of (1-9), plots of the phase diagram and effective potential are given in Figures 2-3. However, our results
and their proofs depend only on the qualitative features of the effective potential listed in the definition.

We say that the effective potential V has a unique global minimum V (t9) if V (t) > V (tp) for all ¢ # 19,
and inf; [0, c0):|1—1|=e (V (1) — V(tp)) > O for all € > 0. We say that V' has global minima V (t)) = V (1)
with 7 # 1 if V() > V(y) =V () for all ¢ # 1o, t1, and infte[(),oo):\t—zdze, |t—tl|Ze(V(t) —V(t)) > 0 for
all e > 0.

Definition 1.2. We define two phases, two phase boundaries, and the tricritical point, in terms of the
effective potential V as follows:

dilute phase: V'(0) > 0, unique global minimum V (0) = 0.
second-order curve: V’(0) =0, V”(0) > 0, unique global minimum V (0) = 0.
tricritical point: V/(0) = V”(0) =0, V"’(0) > 0, unique global minimum V (0) = 0.
first-order curve: V/(0) > 0, global minima V (0) = V (z)) = 0 with zp > 0, V" (#) > 0.
dense phase: unique global minimum V (7y) < 0 with zp > 0, V" (#) > 0.
In principle, there are further possibilities such as n-th-order critical points. These do not occur in our
example (1-9), so we do not consider them, but they could be handled in an analogous way.
The following two theorems give the asymptotic behaviour of the two-point function, the susceptibility,
and the expected length, in the different regions of the phase diagram. The result for the susceptibility is
a consequence of the result for the two-point function, together with the identity x = Goo + (N — 1)Gy;.

As usual, the Gamma function is I'(x) = fooo t*~le~tdt for x > 0. The notation f(N) ~ g(N) means
limy_o f(N)/g(N) = 1.



174 ROLAND BAUERSCHMIDT AND GORDON SLADE

Theorem 1.3. The two-point function has the following asymptotic behaviour:

1—-V'(0) (dilute phase and first-order curve),
1 (second-order curve),
Goo ™~ 1 (tricritical point), (1-27)
NIV 1 V2
€ | (IO)IW V//(to)l/z (1 - V//(IO)) (dEnSe phase),
—V(0))2
(1 V/‘(/O)(?V)) (dllute phase),
ﬁr‘@/ 2) (second-order curve),
Go~{ (?)N) (1-28)
WF(M 3) (tricritical point),
Tvron)
3]
NIV 1 v2m ]
e 0 N2 V7 (1012 (dense phase and first-order curve).

The statement of the next theorem uses the notation V(to) and V' (0). The dot notation is as discussed
above (1-7). Explicitly,

V(t)=— v(®) , 0(1) = —/Oop(s)eSJs?Il (2+/st) ds, (1-29)
1+v(r) 0

and, as usual, a prime denotes differentiation with respect to ¢.

Theorem 1.4. The susceptibility x and expected length EL have the following asymptotic behaviour:

1;/‘;(/)()0) (dilute phase),
N2_TG/2) (second-order curve),
(L V”(O))l/z
o ~ i (1-30)
N2/3 (1(—/))1/3 (tricritical point),
1 VW(O)
3
NIV pgr1/2 V”V(tfj)rl/z (dense phase and first-order curve),
_ Vo (dilute phase),
V(0 (1-V(0))
12_1 V() — (second-order curve),
EL ~ r1/2) (Lvr )" (1-31)
231(2/3) 1 icriti int
(1) (%V’”(O))m (tricritical point),
N V(to) (dense phase and first-order curve).

By Theorem 1.3, the two-point function remains bounded in the dilute phase, on the first- and second-
order curves, and at the tricritical point. Also, G is asymptotically constant in the dilute phase, on
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the second-order curve, and at the tricritical point, whereas G¢; decays at different rates in the different
regions. In the dense phase, both Goy and G(; grow exponentially in N. Proposition 1.1(ii) shows that
in all cases 1 — V’(0) > 0, as is implied in particular in the dilute phase by the first asymptotic formula
for Gop. The formula for G in the dense phase implies that V" (¢y) < 1; we do not have an independent
general proof of that (though if 7y is smooth in (g, v) then it is true in the vicinity of the tricritical point
where typ = 0 and V" (0) = 0).

Theorem 1.4 indicates that the susceptibility x and expected length EL each have finite infinite-volume
limits in the dilute phase. In the dense phase, x grows exponentially with N. In the dense phase and on
the first-order curve, EL is asymptotically linear in N. On the second-order curve, x and EL are each
of order N'/? (as in [Deng et al. 2019; Slade 2020] for the self-avoiding walk on the complete graph),
whereas each is of order N2/3 at the tricritical point. The density p = limy_o, N"'EL is zero except on
the first-order curve and in the dense phase, where it is equal to V () > 0.

The proofs of Theorems 1.3—1.4 are given in two steps. In Section 2, integral representations based on
supersymmetry are derived; these involve the effective potential. In Section 3, the Laplace method is
used to evaluate the asymptotic behaviour of the integrals.

1.4. Phase diagram for the example. For further interpretation of the phase diagram, we restrict attention
in this section to the particular example

p()=e =80 (1-32)

for which we carry out numerical calculations to determine the structure of the effective potential. The
numerical input we need is collected in Section 4.1, and we mention some of it here.

Two curves which provide bearings in the (g, v) plane are determined by the equations V’(0) = 0
(ie., My =1)and V"(0) =0 (i.e., M| = Mg). The curves, which are plotted in Figure 2, intersect at the
tricritical point (i.e., My = M| = 1), which is

ge=—32103..., v.=20772.... (1-33)

At the tricritical point, numerical integration gives M, = 1.4478... and V"’(0) = 0.2762... > 0. The
first-order curve is the solid curve in Figure 2. The second-order curve is the portion of the dashed
curve below the tricritical point. The dilute phase lies above the first- and second-order curves, and
the dense phase comprises the other side of those curves. The phase boundary is the union of the first-
and second-order curves together with the tricritical point; we regard this curve as a function v.(g)
parametrised by g.

By Theorem 1.4, there is a transition as the phase boundary g +— (g, v.(g)) is traversed in the direction
of decreasing g:

« On the second-order curve, x and EL are of order N'/? and p = 0.
o At the tricritical point, x and EL are of order N*/3 and p = 0.
e On the first-order curve, x is of order N 172 EL is of order N, and p= V(to) > 0.
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— — =V/(0)=0
.......... V//(O) =0
first-order

05 1 1 1 1
-4.5 -4 -3.5 -3 2.5 -2
8

Figure 2. Phase diagram for p(r) = ¢~~~ The five marked points with their
effective potentials are those shown in Figure 3.

This is a density transition, from zero to positive density. Note that, by definition, V = dV /dv when p is
given by (1-32).

First-order curve. The density p is discontinuous when crossing the first-order curve, since its value
on the first-order curve is V(to) > 0 whereas its value in the dilute phase is zero. However, the density
is continuous at the first-order curve for the one-sided approach from the dense phase. This can be
understood from the behaviour of the effective potential: as the first-order curve is approached from the
dense phase, #p remains bounded away from zero and V (19) does not vanish (Figure 3 (a) and (b)). The
density discontinuity on the first-order curve is in contrast to the continuous behaviour on the second-order
curve. As the second-order curve (or tricritical point) is approached from the dense phase, 7o decreases
continuously to zero and V(to) J 0 (Figure 3 (d) and (e)).

In the limit N — oo, the susceptibility has finite limit (1 — V'(0))/V’(0) as the first-order curve is
approached from the dilute phase, whereas it is divergent on the first-order curve. This is typical of a
first-order transition.

Second-order curve and tricritical point. The detailed asymptotic behaviour of the divergence of the
susceptibility and the vanishing of the density, at the second-order curve and tricritical point, are as
described in the following theorem. The theorem also describes the phase boundary at the tricritical point.
Its proof is given in Section 4.

Theorem 1.5 relies on numerical analysis of the effective potential for p given by (1-32), as discussed
above. The precise conclusions from this numerical analysis are stated in Section 4.1. We emphasise
that the effective potential is a function of a single real variable, and thus we believe that with effort this
numerical input could be replaced by rigorous analysis (perhaps with computer assistance), but we do not
pursue this.
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Figure 3. Effective potential V vs. ¢ for several values of (g, v): (a) dense phase near first-
order curve (—4.4,4.21), (b) dilute phase near first-order curve (—4.4, 4.26), (c) tricritical

point, (d) dense phase near second-order curve (—2.7, 1.2), (e) dilute phase near second-
order curve (—2.7, 1.5)

In the theorem, we consider a line segment
(8(s), v(s)) = (8(0) +smy, v(0) +sm2) (s €10, 1]) (1-34)

that approaches a base point (g(0), v(0)) as s | 0. We write m = (m1, m) for its direction. The base
point may be either the tricritical point or a point on the second-order curve.

Theorem 1.5. Let p be given by (1-32).

(i) The phase boundary v.(g) is differentiable with respect to g at the tricritical point, with slope — M.
However, its left and right second derivatives differ at the tricritical point.

(i) The vector n = (M, M) is normal along the second-order curve. Along a line segment (1-34)
approaching a point on the second-order curve, or the tricritical point, from the dilute phase with
direction satisfying m - n # 0 (nontangential at the given point), the infinite-volume susceptibility
x = (1—=V'(0))/V'(0) diverges as

_1=V'(0) _ 1
VN0 lm-n|s’

(ii1) Along a line segment (1-34) approaching a point on the second-order curve from the dense phase

(1-35)

with direction satisfying m - n # 0 (nontangential at the given point), the density p vanishes as

M,
1—M;

p~ |m-n|s (here 1 — My > 0). (1-36)
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There exists an arc of the second-order curve adjacent to the tricritical point, such that under
tangential approach to a point on that arc, p ~ Bs* with B > 0.
There are positive constants By, By, By, B3 such that as the tricritical point is approached,

Bo(|m - n|s)'/? (nontangentially from dense phase),

o~ Bis (tangentially from second-order side), (137)
Bos (tangentially from first-order side),
Bss (along first-order curve).

(For the first-order curve, the parametrisation is (g(s), v(s)) = (gc — s, v.(g — 5)).)

It is possible in general that the susceptibility could have different asymptotic behaviour for the
approaches to the second-order curve and the tricritical point, but for the mean-field model there is no
difference. However, for the density there is a difference.

2. Integral representation

In this section, we prove integral representations for the two-point function and expected length, in
Propositions 2.7-2.8, via the supersymmetric version of the BFS—-Dynkin isomorphism theorem [Bauer-
schmidt et al. 2019, Corollary 11.3.7]. These integral representations are in terms of the effective potential
and provide the basis for the proofs of Theorems 1.3—1.4. We begin with brief background concerning
Grassmann integration. Further background and history for the isomorphism theorem can be found in
[Bauerschmidt et al. 2019, Chapter 11].

2.1. Grassmann algebra and the integral representation.

2.1.1. Grassmann algebra. We define a Grassmann algebra \/; with two generators 1/, ¥ (the bar is only
notational and is not a complex conjugate) to consist of linear combinations

K =ay+a1y + ¥ +asyry, (2-1)

where each a; is a smooth function a; : R> — R written (u, v) — a; (u, v), and where multiplication of
the generators is anticommutative, i.e.,

Vv =y, vy =0, Yy =0. (2-2)
To make the notation more symmetric, we combine (u, v) € R? into a complex variable ¢ by
d=u-+iv, (]_5=Lt—iv. (2-3)

We call (¢, q_b) a bosonic variable, (1, 1&) a fermionic variable, and ® = (¢, ([), v, xﬁ) a supervariable.
Elements of the Grassmann algebra N7 are called forms. A form with a; = a; = 0 is called even. An
important even form is

D’ =gpp+ Y. (2-4)
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The above discussion concerns a single boson pair and a single fermion pair. We also have need of the
Grassmann algebra Ay with 2N anticommuting generators (1/,, ¥ )rea, Now with coefficients which are
smooth functions from R?Y to R. The even subalgebra consists of elements of Ay which only involve
terms containing products of an even number of generators. We refer to (¢, q_bx) vea and (Yy, &X) YeA as
the boson field and the fermion field, respectively. The combination ® = (¢, (Z)x, I/ &x) ven 1s called a
superfield, and we write

D = (D) ren = (Pr Py + Vi) xen- (2-5)

Two useful even forms in Ay are

(@, )= I = (e + Vi ¥0), (2-6)
XEA XEA
(@, —AD) =Y (¢ (—AP)y + Vi (—AY),), 2-7)
XEA

where —A is still defined by (1-1) when applied to the generators ¥ and .

For p € N, consider a C* function F : R” — R. Let K = (K ) j<, be a collection of even forms, and
assume that the degree-zero part K? of each K; (obtained by setting all fermionic variables to zero) is
real. We define a form denoted F(K) by Taylor series about the degree-zero part of K, i.e.,

1
F(K)=) —F“(K%(K - K" (2-8)
~ ol
Here o = (@) j<p 18 a multi-index, with o! = ]_[f:1 a;!and (K — K%Y = le (K;— K?)"‘J’. The order
of the product is immaterial since each K; — K ? is even by assumption. Also, the summation terminates
after finitely many terms since each K ; — K? is nilpotent.
For example, for ®2 € N given by (2-4), for smooth F : R — R, the previous definition with p = 1
gives

F(®%) = F(¢$) + F (9p)¥ ¥ = F(p¢) — F (¢d) Y. (2-9)

2.1.2. Grassmann integration and the integral representation. Given a form K € Ny, we write Kpy for
its coefficient of ¥y - - - Yx¥y. This Koy is a function of (u, v), i.e., a function on R?Y. For example,
for the form K = F(P?) of (2-9), we have N = 1 and K»(u, v) = —F'(¢p) = —F'(u?* +v?). In general,
the superintegral of K is defined by

1
/RZN DPK = N /RZN Kon(u,v)dudv, (2-10)

assuming that K,y decays sufficiently rapidly that the Lebesgue integral on the right-hand side exists. The
notation D® signifies that K is a form for the superfield ® = (¢, &x, Yy, W) xen. This will be useful to
distinguish superfields when more than one are in play. The factor 7 =" in the definition simplifies the
conclusions of the next example and theorem.
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Example 2.1. If F : R — R decays sufficiently rapidly then
/ D® F(®?%) = F(0). (2-11)
RZ
In fact, after conversion to polar coordinates, using % dudv =dr? %d@, the definition gives

f DO F(®?) = —/ F/(rz)l dudv=— /oo F'(t)dt = F(0), (2-12)
R2 R2 T 0

as claimed.

The supersymmetric version of the BFS—Dynkin isomorphism theorem (see, for example, [Bauerschmidt
et al. 2019, Corollary 11.3.7]) relates random walks and superfields via an exact equality, as follows.

Theorem 2.2. Let F : RY — R be such that e€ <A = F (1) is a Schwartz function for some € > 0. Then

/oo E((F(LT)1x(r)=y)dT :f DO e PTAYE (D) §, ¢y, (2-13)
0 R

2N

where A is the generator (defined in (1-1)) of the random walk X = (X (t));>0 with expectation E,, and
L7 is the local time.

By definition, the two-point function (1-3) and expected length (1-6) are given by expressions like the
left-hand side of (2-13), which therefore can be rewritten as the right-hand side.

2.1.3. Block-spin renormalisation. The next lemma gives a way to rewrite the exponential factor on
the right-hand side of (2-13) as an integral over a single constant block-spin superfield Z = (¢, ¢, €, &).
The application of this lemma can be regarded as a single block-spin renormalisation group step, as in
[Bauerschmidt et al. 2019, Section 1.4]. For the statement of the lemma, we use the notation

Z=®,Z-®)=) (Z-D) =) (¢ =) =)+ E = V) E— ). (2-14)
xeA xeA
Lemma 2.3. For a superfield ® = (¢, ¢, ¥, ¥) = ($x, bx, ¥x, Vi)xen
e7(<1>,7A<I>) =/ Dzef(ZfdefCD). (2_15)
R2

Proof. Let Ap = N~! Y rea @x. Since cross terms vanish,

Y C=6)EC—h) =) ((C = Ad) + (Ad — p))(C — A) + (Ap — )

XEA xXeA

=N — AP —A)+ Y (Ap — ) (Ad — ). (2-16)

xeA

By definition of A, and since ), (Af), =0, the last term on the right-hand side is

Y (AP = )(Ad—h) =) (Ap— ) (Ad)y =— Y $e(AP),. (2-17)

xeA xeA xeA
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The fermionic part is completely analogous. Therefore, with A® = (A¢, AqB, Ay, Aiﬁ),

(Z—CD,Z—CD):N(Z—ACI>)2—|—(<I>,—ACI>), (2-18)
and hence
/ DZ e 4 ®Z2=0) _ ,~(,—AP) / D7 e‘N(Z_Aq’)Z. (2-19)
R2 R2

In the integral on the right-hand side, we make the change of variables { +— ¢ + A¢, & — & + Ay, and

similarly for ¢, £. The bosonic change of variables is the usual one for Lebesgue integration, and the

fermionic change of variables maintains the same £ term in e~V @~A®)’, Thus the integral is unchanged

and hence is equal to [, DZ e V%, which is 1 by (2-11). This completes the proof. O

2.2. Effective potential.

Definition 2.4. Given a (smooth) function p : [0, c0) — [0, 0o0) such that the following integral exists,
the effective potential V : [0, o0) — R is defined by

V@ = / DD e @ p(0?), (2-20)
IRZ

That the right-hand side truly is a function of the form Z? is proved in Lemma 2.10, which we defer to
Section 2.4. The consistency of this definition of V with the formula given in (1-16) is established in
Proposition 2.5.

The proof of the next proposition appeals to Lemma 2.10. Recall that /; is a modified Bessel function
of the first kind.

Proposition 2.5. FixZ = (¢, ¢, &, &). For any bounded smooth function p : [0, 00) — [0, 00) such that
the integrals exist,

/ Do p(@*) =" (p(()) + / " pwe V2 (NzZs)dS)’ (2-21)
R2 0

and hence

V() =1 —log(p(O) +v(®),  v(t) = f ps)e /[ En@Vis)ds. (2-22)
0

Proof. We denote the left-hand side of (2-21) by F = F (¢, E, £, ). By Lemma 2.10, F is a function
of Z? so it suffices to prove that

. _ kP > _——
F(,2,0,0)=e (P(O)‘i'/ p(s)e |§|—11(2|§|\/§)ds>- (2-23)
0 NG

Let p(s) = p(s)e™. With £ = £ =0, the integrand of the left-hand side of (2-21) becomes

eI eI (%) = TP (16 ) + 5 (1Y) (2-24)
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Therefore, by the definition (2-10) of the integral, and with Iy(z) = % fozn €259 40 the modified Bessel
function of the first kind,

i} e s dr?de
F(,2,0,0)= _e*|f|2 / olre 9+U€6]5/(r2) r
R2 27

N et s 49
=—e ds p'(s) etV e —
0 0

2
2
= —e_lﬂz /Oods ﬁ/(s)/ g eﬂ{lﬁcos@ﬁ
0 0 2

=—¢It" f h P () Io(2I1V/5) ds
0

2 & 1
. (ﬁ(O)—i—/ ﬁ(sﬂa(zluﬁ)m—ds), (2-25)
0 NG

where we used integration by parts for the last equality, together with our assumption that p is bounded
at infinity (this can certainly be weakened). Since /) = I, the proof is complete. ]

Next, for later use, we state and prove a lemma that shows how the effective potential arises in various
integrals. As usual, we write V' = dV /dt and V=d V/de|c.—o (with the e-dependence as in (1-7);
see (1-29)). We also write Q' = 1 — V. We define forms k. = k.(Z?, ¢, ¢) by

ko=¢0Q'(Z%,  ko=tQ'Z),  ko=0Q'@Z)+ Q@) |tIF - V" (@),
koy =0(QZOV(Z)+V'(ZP),  koy =L(Q @ZHV(Z)+V'(ZP)), (2-26)
ky =V(Z, kot =koV(Z)+ (1420 @) P)V'(Z) + V'@
Lemma 2.6. The following integral formulas hold:

/ D® pp(@%)e” ¥ = koe V), f DO §p(@%)e @V = fpe V@),
R2 R2

/ D gpp(@2)e™ " = kope V), / DD &2 p(@2)eE* =k, V@),
2 2
' § (2-27)
/2 Do ¢(I)2p(q)2)e*(zf¢)2 — k0+e*V(ZZ)’ /2 D® d_)q)zp((DZ)ef(Z—CI))z — ]€0+eiv(22)’
" R

i o o
f DO gy p(@)e”“ = kooye TP,
R

Proof. Given h: A — C, let (Z+h)?> = (¢ +h)(¢ +h)+EE. There is no fermionic partner for 4 in (Z+h)>
Completion of the square and the definition of V give

/ D(I)e_(z_q’)zp(@z)eh‘“i“ﬁ :ehﬁeh;+ﬁ;/ che—(z—<1>+h)2p(¢2) :ehﬁehi—i-fl{e—V((Z—}—h)z)‘ (2-28)
R2 R2
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Therefore, using dh /dh =0, we obtain

f DO Gp(dHe~ @ = / D® =@ p(p2)ehdthd
R2 h=0 JR2

M hEhe o=V — (1 — v/ (Z2))e V@, (2-29)
h=0

Sle gl

The first and third equalities in (2-27) follow similarly. For the fourth, with V(€ the effective potential

€

for p(s)e™ ¢, we use

/ DD P p(d)e“ P = _9
RZ

/ D p(@?)e P e @
e=0 JR?

de
— -VO@A _ v 72y,~V (@)
=—— e =V(ZLY)e . (2-30)
de | .o
The remaining three identities follow, e.g., from
- d -
/ DD D2 p(dHe @’ = _ / DD Gp(dr)e e @07 (2-31)
R2 o€ =0 JR?
together with differentiation of the right-hand sides of the first three identities with respect to €. ]

2.3. Two-point function and expected length. We now have what is needed to prove integral represen-
tations for the two-point function and expected length, in the next two propositions.

Proposition 2.7. The two-point function is given by
Gol = / DZe NP (1 vz P (2-32)
RZ
Goo= (1—-V'(0)+Go — / DZe NVEIY (72 ¢ 2. (2-33)
R2

Proof. By the definition of the two-point function in (1-3), followed by the supersymmetric BFS—Dynkin
isomorphism (2-13) and the block-spin transformation of Lemma 2.3,

o0
ny:/ E,(pn(LT)1x(1)=y) dT
0
- / DO e VG ¢, py (D7)
RZN
:/ DZ/‘ D(Déx(f)ypN(q)Q)e_(Z_@Z' (2-34)
R2 R2N

The integral over R*" on the right-hand side of (2-34) factorises into a product of N integrals over R?
(each an integral with respect to @, at a single point x). With the definition of the effective potential in
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Definition 2.4, and with the first line of (2-27), this leads to

Go = / DZeN-DV@) (/ Dy 430p(q>3)e‘<z‘¢0>2> <f Do, ¢1p(¢?)e‘(z‘d")2)
R2 R2 R2
_ / DZe NVEN (1 — v/ (Z2)?|¢ )2 (2-35)
RZ
Similarly, by the third equality of (2-27),
Goo = / DZe~(N=DVE) / Dy pocpo p(®F)e @
R2 R2
= f DZe NI (1= V@) + (1= V@) = V' (@))e P)
R2
= (1= VO)+ G~ [ D2 P2 P, (2-36)
RZ
where in the last line we used (2-11) for the first term and (2-35) for the second. This completes the

proof. U

For the expected length, the general procedure is the same. With &, defined by (2-26), let

/20](()](4r x=1, y=2),
kook =0,y=1),

Kouy = Kook (x y=1 (2:37)
koko (x=y=1),

koo+ (x=y=0).
Proposition 2.8. The expected length is given by
1
EL=— ((N —1)(N =2) / DZe NV @Ky,
X R2
+ (N — 1)/ DZe V@) (Koo, +2K011)+f DZeNV(Zz)Kooo)- (2-38)
R2 R2

Proof. By (1-6) and T =), ., L7,

1 o0
L=~ Z / Eo(L7,ypn(LT)1x(1)=2)dT. (2-39)
X X, yeEA 0

By the supersymmetric BFS—-Dynkin isomorphism (2-13) followed by the block-spin transformation of
Lemma 2.3,

I . -
EL=— )" / D® o D} py (e " 7AY
X x,yeA RV

1 _
= — Z / DZ / Dq>¢0¢xq>§pN(q>2)e—<Z—d’>2. (2-40)
X R2 R2N

X,YEA
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By symmetry, it suffices to show that
fR DD G p(@)e PV = TNV, (2-41)
For the case of 0, x, y distinct, since the N — 3 integrals for the factors with z 7~ 0, x, y are the same,

/ DO oy &2 p(®H)e @
RZN

_(N— 2 - (7 2
—even( [ poipae )
R

—(7— 2 (7 — 2
x(/zpcbxqsxp(cbi)e (Z-®) )(/ZDCD), ] p(D})e”“ ) ) (2-42)
R R

and (2-41) follows from the definitions of kg, ko, k4. The other cases are similar. U

2.4. Supersymmetry. In this section, we prove Lemma 2.10, which was used in the proof of Proposition 2.5.

It is possible to give a more direct proof of Proposition 2.5 without using the notion of supersymmetry.

However, the proof using Lemma 2.10 is particularly elegant.

The supersymmetry generator is the antiderivation defined by
YRV L

) ap oY oy

We say that F = F(¢, ¢, ¥, ¥) is supersymmetric if QF = 0. The next lemma is [Brydges and Imbrie

2003, Lemma A.4].

(2-43)

Lemma 2.9. If F is even and supersymmetric then F = f(®?) for some function f.

Proof. We write F = G + Hr/, and use subscripts to denote partial derivatives. It suffices to show that
there is a function f such that G(¢, ¢) = f(|¢|>) and H (¢, $) = f'(|¢|?). Since

0=QF =G+ Gz —pHY —pHY, (2-44)

we see that G4 = ¢H and G ¢ = ¢ H. Therefore,

d - - . - - .
G @, de™) = Gy(ge”, pe™)pic” + Gy(pe”, e )g(—ire ™"
=ge " H(pe", pe )pie"’ +pe' H(pe'” pe™")p(—i)e™" =0.  (2-45)
This implies that there is a function f as required. (Il

Lemma 2.10. The integral fRZ D e’ p(®?) is an even supersymmetric form, and hence is a
function of Z*
Proof. Let F = F(,0,&,8) = [ DO e~ =7 p(®2). Since p(d?) is even, only even contributions
in ¥, ¥ from
(7D —lr—ol? - -
e =T A - E =) E - V) (2-46)
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can contribute to the integral. Thus, within the integral, the above right-hand side can be replaced by
e~ 16— (1 — £ — ), and we see that F is even in &, &.

To see that F is supersymmetric, let Q7 act on Z = (£, ¢, &, &) and Qg on ® = (¢, ¢, ¥, V). By
definition,

e TV = ¥ Tk with K =¢h+ ¢l +EY +YE. (2-47)

Let 5(®2) = p(dHe~?". Since Oy is an anti-derivation, since Qze=% = 0 and Q¢ p(®?) = 0 (by
[Bauerschmidt et al. 2019, Example 11.4.4]), and since QzeK = —Q¢eK,

QZF=eZZQz( / DCDeKﬁ(CDZ)):eZZ | po0zi(@?)
R2 R2

_e? / DO (—Qoek) j(0?) = — 7 / D Qo(ek 5(®?)). (2-48)
R2 R

The last integrand is in the image of Qg¢, so the integral is zero (see [Bauerschmidt et al. 2019, Sec-
tion 11.4.1]), and hence F is supersymmetric. By Lemma 2.9, F is therefore a function of Z2 (Il

3. Proof of general results: Theorems 1.3-1.4

The proofs of Theorems 1.3—1.4 amount to application of the Laplace method to the integrals of Proposi-
tions 2.7-2.8. The application of the Laplace method depends on whether: (i) the global minimum of the
effective potential is attained at zero and only at zero, or (ii) it is attained at a point fy > 0 with V() <0
or V(ty) = 0. Case (i) concerns the dilute phase, the second-order curve, and the tricritical point, while
case (ii) concerns the dense phase and first-order curve.

3.1. Laplace method.

3.1.1. Laplace method: minimum at endpoint. For the dilute phase, the second-order curve, and the
tricritical point, we use the following theorem, which can be found, e.g., in [Olver 1997, p.81]. The
theorem can be extended to an asymptotic expansion to all orders, (see [Olver 1997, p.86] or [Olver
1970, p.233]), but we do not need the extension. In a corollary to the theorem, we adapt its statement to
integrals of the form appearing in Propositions 2.7-2.8.

Theorem 3.1. Suppose that V, q : [a, b) — R (b = o0 is allowed) are such that

(i) V has a unique global minimum V (a) (as defined at the beginning of Section 1.3),
(i1) V' and q are continuous in a neighbourhood of a, except possibly at a,
(i) ast—a™, V() ~ V(@) +vot —a)*, V')~ pvot—a)*~, q(t) ~qot —a)* !, with vy, ju, A >0
and qo # 0,

—NV()

@iv) e q(t) is integrable for large N.

Then

b

A

/ efNV(t)q(t)dt ~ eNV(a)LAI“'(_)‘ (3-1)
., pn(oN)r= \ u



MEAN-FIELD TRICRITICAL POLYMERS 187

Corollary 3.2. Suppose that the hypotheses on V of Theorem 3.1 hold with a = 0 and b = co. Suppose
that F : [0, 00)? — R is such that qg)=V't)F(t,t) and q(t) = 01 F (¢, t) obey hypotheses (ii) and (iv)
of Theorem 3.1, and that, as t | 0,

F(t,t)~qot™, 9 F(t,0)~rrot™ ™" (3-2)
If A1 > Lo > 0 then
/ D7 e—NV(ZZ)F(ZZ 1Z[2) ~ NV O q0 r m+ Ao . (3-3)
R2 ’ (UON))“O/M uw
If A1 = Ao > O then
DZ e—NV(ZZ)F(ZZ |;-|2) ~ e—NV(O) qo—ro r 2 + )“0 (3_4)
R2 ’ ('U()N))‘O/M % ’

where the right-hand side is interpreted as e NVO) o (N o/ if qo = ro. For any A1 > 0 and A9 > 0, the
integral is at most e NV O O (N~ /1 - N=hi/1y,

Proof. By definition of the integral, and since £ = 1dxdy = 5-dr?d (as in (2-11)),

_ 2
2DZ€ NV(Z)F(ZZ,|§|2)
R

= /R DZe NP A~ NV (10 PEE) (FC12 1212 + 01 F(Z P, 12 1P)EE)

_ /R DZe NV ED(NV (e PYF (P 16 P — 0 F (g 1 1P)Ee

= /ooe_NV(’)(NV’(t)F(t, 1) — 0, F(t,1))dt. (3-5)
0

Now we apply Theorem 3.1. Since V'(t) F(t, t) ~ pvot* ' got?, the power of N arising for this term is
NN~WHro/w — N=2o/l If )| > Ay > 0 then this dominates the power N ~*1/* from the 3 F (¢, t) term
and yields (3-3). If A; = X¢ > O then both terms contribute the same power of N, and (3-4) follows from
F'((w+xr)/m)=(A1/w)'(X1/n). Finally, the general upper bound follows immediately from the above
considerations. O

3.1.2. Laplace method: minimum at interior point. The following theorem from [Olver 1997, p.127]
more than covers our needs for the case where V attains its unique global minimum in an open interval.
Its analyticity assumption could be weakened, but the analyticity does hold in our setting.

Theorem 3.3. Let a € [—00, 00) and b € (—o0o, o). Suppose that 'V, q : (a, b) — R are analytic, and that
V has a unique global minimum at ty € (a, b) (as defined at the beginning of Section 1.3) with V'(ty) =0
and V" (ty) > 0. Then, assuming that the integral is finite for some N,

b oo
/ NV Og(di ~ 2NV 3 (s 4172)
4 s=0

by

Ns+1/2° (3-6)
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with (all functions evaluated at ty)

q
N v o
207 q/ 5 V///Z \& 1
by = (26]” Ty + |:6V”2 o 2V”:|q) QV"3z’ (3-8)

and with by as given in [Olver 1997] for s > 2.

Corollary 3.4. Suppose that V : (0, 00) — R is analytic and has a unique global minimum at ty € (0, 00)
(as defined at the beginning of Section 1.3) with V'(ty) = 0 and V" (ty) > 0. Given F : (0, 00)> — R,
suppose that the functions C(t) = V'(t)F(t,t) and D(t) = 01 F (¢, t) are analytic on (a, b) and that
fooo e NVWy(t) dt is finite for ¢ = C and g = D. Then

1
Ns+1/2

o
f DZe NIV F(Z2, |1 P) ~ 207NV 0 N (s T(s+3/2) —d,T(s +1/2),  (3-9)
R2

s=0

where the coefficients cs; and ds are the coefficients by computed when the function q in Theorem 3.3 is
replaced by C and D, respectively. Assuming that 9, F (ty, ty) # 0, we have in particular

1 V21
N1/2 V”(to)l/z

f DZe NV PIFZ2, |g2) ~ NV W 02 F (10, 1o).- (3-10)
IRZ

Proof. The full expansion follows from Theorem 3.3 and (3-5). Let A = ~/2/V" (t0)' /28, F (1o, to).
For (3-10), since I'(1/2) = /7, it suffices to show that ¢; — 2dy = A. Let F' = d/dt F(t,t) =
31 F(t, 1)+ 0,F(t,1). Then

C'=V'F+V'F/, C"=V"F+2V"F'+V'F". (3-11)

Since V'(ty) = 0 we find from (3-7)—(3-8) that

2V’ o F
_ /"
1= 2dy = (2‘/”)3/2( ¢ - \v4 ) - (2V//)1/2
2V"V"F o F
_ " 1" !
= W(z(v F+4+2V'F') — v ) — Vi’ (3-12)
and after simplification the right-hand side is equal to A. (I

On the first-order curve, V has global minima V(0) = V(#y) with V/(0) > 0 and V" (¢y) > O (by
smoothness of V, also V'(¢y) = 0). The following corollary covers the cases we need.

Corollary 3.5. Suppose that V : (0, 00) — R is analytic and has global minima V (0) = V (t9) = 0 for
to € (0, 00) (as defined at the beginning of Section 1.3) with V'(0) > 0, V'(t9) =0, and V" (tp) > 0. With
the notation of Corollary 3.2, assume that A1 > Ay > 1, and with the notation of Corollary 3.4, assume
that 0, F (ty, to) # 0. Then, for F obeying the assumptions of Corollaries 3.2 and 3.4,

1 27

N2 WazF(fo, o). (3-13)

_ 2
fZDZe WWEIR@2, (g% ~
R



MEAN-FIELD TRICRITICAL POLYMERS 189

If instead Ay > Ao = 0, then the right-hand side of (3-13) is at most O(1).

Proof. By (3-5),

(0.¢]

21:>Ze—NV<ZZ>r~‘(22,|;|2)=/ e NVONV ()F(t,t) — 0, F(t, 1)) dt. (3-14)
R 0

We divide the integral on the right-hand side into integrals over (0, lto) and (%to, oo). Exactly as in the
proof of Corollary 3.2 with 4 = 1 (only changing the integration interval), if A; > Ag > 1 then the former
integral is at most O(N~1). Exactly as in the proof of Corollary 3.4, the latter integral is asymptotic to
the right-hand side of (3-13), which dominates O (N ~1). If instead Ao = O then by Corollary 3.2 there
can be a contribution from ¢t = 0 which is O(1). [l

3.2. Two-point function and susceptibility. We now prove Theorem 1.3 and the part of Theorem 1.4
that concerns the susceptibility. For convenience, we restate Theorem 1.3 as the following proposition.

Proposition 3.6. The two-point function has the asymptotic behaviour:

—V'(0))2
% r'@2/mn (dilute phase),
ﬁr‘@/ 2) (second-order curve),
ﬁr(“/ 3) (tricritical point),
LV O)N
3]
—NV () /
: N /20 Y (tzj; 7 (dense phase and first-order curve),
0
1—-V'(0) (dilute phase and first-order curve),
1 (second-order curve),
G011 (tricritical point), (3-16)
—NV(tp) o
: N1/2 V”(toj)Tl/z (1—=V"(ty)) (dense phase).
Proof. By Proposition 2.7,
GOl :fz Dze—NV(ZZ)(l _ V/(ZZ))2|§|2- (3_17)
R

(Note that (1-17) then follows via (3-5).) The integrability of (3-17) follows from the lower bound on V
of Proposition 1.1(i). For the first three cases of (3-15), we apply Corollary 3.2 with

uw=1, vo = V' (0) (dilute phase), (3-18)
w=2, Vo = %V/ "(0) (second-order curve), (3-19)
w=73, Vo = %V/ "(0) (tricritical point). (3-20)
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The integrand of (3-17) involves

Fo(Z2, 6 = (1= V'@Z)’[¢ ], (3-21)
for which P — (1 — V()
B For(t,1) = 2(1= V() (=V"(0)r. o
From this, we see that
rM=1, A > 2, qo=(1— V’(O))2 (dilute phase and second-order curve),  (3-23)
M=1, A =3, qgo=1 (tricritical point). (3-24)

In all three cases A; > Ag, so Corollary 3.2 gives, as desired,

q0 W+ Ag
Gor ~ r 3-25
O (wN )R/ ( 1 ) (-2

(recall that V’(0) = 0 on the second-order curve).
For the first three cases of (3-16), by Proposition 2.7,

Goo = (1—V'(0)) +Go1 — f DZe NV (Z2)|¢ ). (3-26)
Rz
The integral has
Foo(Z2, ¢15) = V"(ZHI¢ 1A (3-27)
SO
Foo(t,t) =V"(0)t, N Foolt,t)=V"(t)t. (3-28)

The dilute, second-order, and tricritical cases have, respectively,
M>1, M =>2 rM=1, A =2 A=A =2.

In all cases, the integral decays as a power of &V, and since we have proved above that Gg; also decays,
we conclude that Gog — 1 — V’(0) (with V/(0) = 0 on the second-order curve and at the tricritical point
by definition).

For the dense phase, we have

32F01 (l‘, l‘) = (1 — V/(l‘))2 and 32F00(l‘, l‘) = VN(Z‘), (3-29)

and the result follows immediately from Corollary 3.4.

By definition, on the first-order curve V has global minima V (0) = V(#9) = 0, with 7y # 0. The
hypotheses of Corollary 3.5 hold for G, with i = 1 by the assumption that V’(0) > 0 on the first-order
curve, and with Ag = 1 and A; = 2 by (3-22). The desired asymptotic formula for G; then follows
from (3-13). Similarly, for the integral in (3-26), we have u =1, Ag =1, A > 2, so by Corollary 3.5 the
integral is asymptotic to a multiple of N~!/2 It is therefore the constant term 1 — V’(0) in (3-26) that
dominates for Gy. U
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Proof of Theorem 1.4: susceptibility. It follows from Proposition 2.7 and x = Goo + (N — 1)Gy; that the
susceptibility obeys

1—-V'(0) .
Vo) re/ (dilute phase),

N1/2 W I"(3/2) (second-order curve),
X ~ | 2 (3-30)

N2/3 W I'(4/3) (tricritical point),
3!

e NV N1/2_N2T (dense phase and first-order curve),
V//(to)l/z
as stated in Theorem 1.4. O

We remark that there is a mismatch for Gg; and for the susceptibility as the dense phase approaches
the second-order curve. For the susceptibility, the limiting value from the dense phase (as 7y | 0) is

x = N2 27 (v"(0))~ /2, (3-31)
which is twice as big as the value
" —1/2 —-1/2
NV TR/ AV )P = N LT (Avi) (3-32)

on the second-order curve. The reason for this is clear from the proof: in the dense phase the susceptibility
receives a contribution from both sides of the minimum of V at #;, whereas on the second-order curve
it only receives a contribution from the right-hand side of the minimum at O (cf. the two insets at the
second-order curve in Figure 2).

3.3. Expected length. Given the asymptotic behaviour for x in (3-30), the asymptotic formulas for the
expected length stated in Theorem 1.4 will follow once we prove that

(‘Y//((()O)))z (dilute phase),
“// ,/,(((()))) (second-order curve),
AEL~ (3-33)

N4/3 '(2/3) 1

(tricritical point),
2/3
3 (% \2 (0)) /

N3/2e—NV(t) V27 V(10)

V7 (10) 172 (dense phase including first-order curve).
0

The proof of (3-33) is based on the following lemma. Recall that Q' =1— V.

Lemma 3.7. In the dilute phase, on the second-order curve, at the tricritical point, and on the first-
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order curve (the latter for the minimum of V at t = 0), the forms Koy, defined in (2-37) have parame-
ters qo, ro, Lo, A1 as in Corollary 3.2 given by:

For Koia: g0 = Q'(0)*V'(0), ro=30'(0)*V'(0), *xo=1r =2. (3-34)
For Kooi:  qo=Q'(OV'(0), ro=0'(OV'(0), Ao=xr =1 (3-35)
For Koi1i: qo = Q' (0)V'(0), =1,y =2. (3-36)
For Kooo: o= V'(0), ro=0, A = 1. (3-37)

Proof. The desired results can be read off from the following.
By (2-37), Koa(Z?, [£1?) = Q'(Z*)*[¢ PV (Z%), s0

Kowa(t, 1) ~ Q' (0)2V'(0)£2, 31 Koia(t, 1) ~ Q'(0)>V'(0)r. (3-38)
Similarly, Koo1(Z?, 1£1%) = (Q'(Z*) + Q'(Z*)?|¢ > = V"(Z)|¢|*)V (Z?) obeys
Koo1 (t,1) ~ Q' (0)V'(0)t, 31 Koo (1, 1) ~ Q" (0)V'(0). (3-39)
Next, Koi1(Z?, 1¢%) = [2Q"(Z*)(Q'(Z*)V(Z?) + V'(Z?)) obeys
Koi1(t, 1) ~ Q' (O)V'(0)t, 31 Ko11(, 1) ~ (Q"(0)V'(0) + Q' (0)*V'(0) + Q"(0) V" (0))1. (3-40)
For the last case,

Kooo(Z%, 1¢1%)
=(Q'(Z + Q'@ P = V(@I P)V(Z) + (1 +20'(ZHIE V(@) + V'(ZHIg > (3-41)

obeys
Kooo(t, 1) ~ V'(0),  31Kooo(t, 1) ~ Q' (0)V'(0) + V" (0). (3-42)

This completes the proof. ([l
Proof of Theorem 1.4: expected length. It suffices to prove (3-33). By Proposition 2.8,
XEL = (N — 1)(N —2) /Rz DZe VY@K,

+(N 1) /Rz DZe NV @) (Koo +2Ko11) + /RZ DZe NV P K. (3-43)
It will turn out that all three terms on the right-hand side contribute in the dilute phase, but in all other

cases only the first term contributes to the leading behaviour. The integrability of (3-43) follows from the
lower bound on V of Proposition 1.1().
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Consider first the dilute phase. We apply Lemma 3.7 and Corollary 3.2 with u =1, vop = V'(0) and
immediately obtain

1=V (0)2V'(0
w (V/(O)N)
/ DZe NV @ Koy =o(N7Y), (3-45)
IRZ
1 — V/ 7/
/ DZe NPy~ V'O (3-46)
R V/(0)N
/ DZe NV@ K00 ~ V' (0). (3-47)
RZ
Therefore, in the dilute phase, as stated in (3-33),
L ((A=V(0)2 _1-V'(0) V'(0)
EL~V'(0 2 1= —7 3-48
X ( )( (V'(0))? N V’(0) ) (V'(0))? (5-43)

Consider next the second-order curve (u = 2, vy = %V” (0)) and the tricritical point (1 = 3,
vy = %VW(O)). For these cases, Lemma 3.7 and Corollary 3.2 give
(1= V'(0)*V'(0)
p(voN)?/1

/ DZe NV P Ko (22, 101 ~ rQ/w). (3-49)
[R2

By definition, on the second-order curve V/(0) =0, and at the tricritical point V/(0) =0and V'(0)=M; =1
(recall Proposition 1.1(ii)). By Lemma 3.7 and Corollary 3.2, the integrals involving K¢, and K¢ are at
most O(N~'/#), and the one involving Kooo is at most O (1). Since the latter are multiplied by N and 1
respectively, these terms contribute order N =1/ and N, and this is less than the Ky, term which is
multiplied by N2 and hence is order N2~%/% This proves the second-order and tricritical cases of (3-33).

Next, we consider the dense phase. Let #yp > 0 be the location of the global minimum of V. We have
V(tp) <0, V'(tp) =0, and V"(19) > 0. By Corollary 3.4 (note that V and the various K, satisfy the
analyticity hypotheses by definition),

_ 2 _ Ag V27
/2 DZe NVEZ )KOxy ~e NV(IO)N_I);};’ Apxy = W82K0xy(t0’ fo). (3-50)
R

There are order N> terms with 0, x, y distinct, order N terms where only two are distinct, and a single
term where 0 = x = y. Since each term has the same N ~!/2¢=NV () behaviour, only the case with 0, x, y
distinct can contribute to y EL. Since Kgj» = (1 — V’(Zz))zV(Zz)M |2 obeys

R Kowa(to, to) = (1 — V' (10))*V (to) = V (to), (3-51)
Corollary 3.4 gives
1 V2 .
YEL ~ N2 NV ____ VT _yy (3-52)

N1/2 V//(to)l/Z
as stated in (3-33).



194 ROLAND BAUERSCHMIDT AND GORDON SLADE

Finally, we consider the first-order curve, with global minima V (0) = V (#9) =0. We apply Corollary 3.5
to each of the integrals in (3-43), using © = 1 and the values of A; stated in Lemma 3.7. After taking into
account the N-dependent factors in the terms of (3-43), we conclude from Corollary 3.5 that xEL has the
same asymptotic behaviour on the first-order curve as it does in the dense phase, now with V (f5) = 0,

namely,
V2T .
~ N32_ YT -
XEL ~ N2 Vo). (3-53)
This completes the proof. O

4. Phase diagram for the example: proof of Theorem 1.5

In this section we prove Theorem 1.5, which concerns the differentiability of the phase boundary v.(g) at
the tricritical point g., and the asymptotic behaviour of the susceptibility and density, for the specific
gri—vt, According to (1-16), the effective potential is the function V : [0, c0) — R

3_

example p(t) =e™’
defined by

V() =t—log(l+v(t), v(t)= /ooe—”—gfz—(”“)’\/?h (2/5)ds. (4-1)
0

We emphasise that V is a function of a single real variable, so in principle complete information could be
extracted with sufficient effort.

4.1. Numerical input. As discussed before its statement, our proof of Theorem 1.5 relies on a numerical
analysis of the effective potential (4-1), whose conclusions are summarised in Figure 2 which for
convenience we repeat here in abridged form as Figure 4.

The dashed and dotted curves in Figure 4 are respectively the curves defined implicitly by V/(0) =
1—My=0and V'(0) = Mg — M, = 0. Above the dashed curve V’'(0) > 0 and below the dashed curve
V’(0) < 0. Above the dotted curve V”(0) < 0 and below the curve V" (0) > 0. Below the curve V/(0) =0
there is a unique solution to V/(#) = 0. The two curves V’(0) =0 and V" (0) = 0 intersect at the tricritical
point, which is

g =-3.2103..., v, =2.0772.... 4-2)

The solid curve (for g < g.) is the first-order curve and the dashed curve (for g > g.) is the second-order
curve. These two curves satisfy the conditions of Definition 1.2. Together the first- and second-order
curves define the phase boundary v.(g). Points below the phase boundary are in the dense phase in
the sense of Definition 1.2, and points above the phase boundary are in the dilute phase in the sense of
Definition 1.2. The first few moments at the tricritical point are

My=M{=1, M;=14478..., M;5=24062..., M;=43315... (4-3)

To distinguish moments at the tricritical point (g., v.) from moments computed at other points (g, v), we
write the former as M} and the latter simply as M;.
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— — —V'(0)=0
.......... V"(0)=0
first-order

0.5 1 1 1 1

Figure 4. Phase diagram for p(f) = e~ ~8"~V.

4.2. First derivative of phase boundary. We prove Theorem 1.5(i) in two lemmas. Together, the lemmas
show that the phase boundary is differentiable but not twice differentiable at the tricritical point, with
derivative —M3. In this section, we prove the differentiability. The proof of the inequality of the left and
right second derivatives at the tricritical point is deferred to Lemma 4.6. Here and throughout Section 4,
we use the following elementary facts about derivatives of moments, for i > 0:

Mio=—-Mi>, M;,=—-M, Migo=Mi14, Mg =M3, M, =M. (4-4)
Lemma 4.1. (i) The tangent to the curve My = 1 (the entire dashed curve in Figure 4, including the
second-order curve and the tricritical point) has slope vy = —M> /M.
(i) The tangent to the first-order curve at the tricritical point also has slope v, ¢ = —M5 /M| = —M5.

Proof. (i) We write the curve My = 1 as v = v(g). Implicit differentiation of My(g, v(g)) = 1 with
respect to g, together with (4-4), gives 0 = My ¢ + Mo ,vg = —M> — M1vg, S0 ve = —M> /M.

(ii) On the first-order curve v = v.(g) (for g < g.), by Definition 1.2 there are two solutions to V (fg) = 0:
to = 0 and a positive #y > 0, which by definition characterises the first-order curve. At the positive root,
V'(tp) = 0. At the tricritical point, o =0 and V (0) = V’(0) = V" (0) = 0. By continuity, as g 1 g. we
have g — 0. Total derivatives with respect to g are denoted f =df/dg.

We differentiate V (#p(g, v.(g)), &, v.(g)) = 0 with respect to g and obtain

V'ig+ Vo + Vyve g = 0. (4-5)

For every g < g., V'(to(g, v:(g)), g, v:(g)) =0, so the first term is constant in g and is equal to zero.
Also, V, is nonzero on the first-order curve, so v, = —V,/V,. We parametrise the first order curve as
(g(s),v(s)) =(gc—s, ve(gec —s)) for s > 0. By definition, the slope of the tangent to the first-order curve
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is limg g v¢ ¢. Also, by definition, by (1-24), and by (4-4), as s | 0 we have

\% v My ot M X
_g:_gNM:_ZNMé, (4-6)
Vu Uy MO,vto M,
where we also used M| = 1 and the fact that 7p(g(s), v(s)) — 0 as s | 0. Therefore, at the tricritical point,
Ve g = —Mj5. |

4.3. Susceptibility. We now prove Theorem 1.5(ii). Given a point (g(0), v(0)) on the second-order curve,
or the tricritical point, we fix a vector m = (m, m;) with base at (g(0), v(0)), which is nontangential to
the second-order curve and pointing into the dilute phase. By Lemma 4.1, n = (M>, M) is normal to the
curve and pointing into the dilute phase, so m - n > 0 (moments are evaluated at (g(0), v(0))). We define
a line segment in the dilute phase that starts at our fixed point by

(8(s), v(s)) = (g(0) +smy, v(0) + sm) (s € [0, 11), (4-7)

and set x (s) = x(g(s), v(s)). We set Mo(s) = My(g(s), v(s)) and define other functions similarly.
By (1-30), the infinite-volume susceptibility in the dilute phase is given by
_1=V0)  Mo(s)
VO 1= M)

(4-8)

By (4-4) and the chain rule, My(s) ~ 1 — (M2(0)m; + M1(0)my)s =1 — (m -n)s as s | 0. This gives

1
(m-n)s’

X~ (4-9)

which proves that x diverges as stated in (1-35).

4.4. Density. The effective potential V is smooth in (g, v), has a uniquely attained global minimum at
t =0 on the second-order curve (with V' (0) = 0), has a uniquely attained global minimum at #y > O in the
dense phase (with V() < 0), and attains its global minimum at both O and 7y on the first-order curve
(with V(0) = V() = 0). By smoothness of V, #y — 0 as the second-order curve or tricritical point is
approached. In the dense phase, the density is given by p = V(to), so as g — 0, V(to) ~V 0)tg = M 19,
and at the tricritical point M} = 1.

To prove Theorem 1.5(iii), it therefore suffices to prove the following Propositions 4.2, 4.3 and 4.5 for
the asymptotic behaviour of 7y. The values of the constants A, B; in the propositions are specified in their
proofs. The fact that the phase boundary is not twice differentiable at the tricritical point is proved in
Lemma 4.6, to complete the proof of Theorem 1.5(i).

Let (g(0), v(0)) be a given point on the second-order curve, or the tricritical point. We again use the
normal n = (M;, M) which points into the dilute phase. As in (4-7) we fix a vector m = (m, m;), but
now with m - n < 0 so that m points into the dense phase, and we define a line segment that starts at our
given point by

(8(s), v(s)) = (g(0) +smy, v(0) +5mz) (s €[0,1]). (4-10)
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We consider the asymptotic behaviour of the density p along this segment, as s | 0. Let M;(s) =
M;(g(s), v(s)) fori =0, 1, 2,.... An ingredient in the proofs is the asymptotic formula, as s | 0,

Mi(s) = M; — (myMi o +maMi1)s + 3 (mi Miq 4 2mimaMi 3+ m5Mi0)s” + O(s7),  (4-11)
with all moments on the right-hand side evaluated at s = 0. This follows from Taylor’s theorem and (4-4).

4.4.1. Approach to second-order curve from dense phase.

Proposition 4.2. As the second-order curve is approached,

|m-n| .
-———s (nontangentially from dense phase),

o~ | 1M, gentially P (4-12)
As? (tangentially from dense phase).

The constant A is strictly positive at least along some arc of the second-order curve adjacent to the
tricritical point.

Proof. We parametrise the approach to a point (g(0), v(0)) on the second order curve as (g(s), v(s))
with s | 0, as in (4-10), and we write Vi (t) = V (g(s), v(s); t). On the second order curve, Vo/ 0) =0,
Vé/ (0) > 0 and O is a global minimum of V. On the other hand, for s > O there is a unique solution
o =1o(s) > 0 to V/(tp(s)) = 0. The condition V'(tp) = 0 is equivalent to 1 + v(t9) = v’ (1), so

1+ v(0) + v/ (0) = v'(0) +v" (0)i0 + O (15). (4-13)
By (1-24), this gives
14 Moto = Mo+ Mytg+ O(13). (4-14)
Therefore, since fy = o4(1), 1 — M;(0) > 0, and My(s) — 1 = o0,(1),
My—1 My—1

to=——(14+0() ~ ——. 4-15
"= o1, OO T T ) (15
Second-order curve nontangentially from dense phase. By (4-15) and (4-11),
|m - n|
tg ~ ———ss. 4-16
1m0 (@-10)

This proves the result for the nontangential approach, for which m -n < 0.

Second-order curve tangentially from dense phase. For the tangential approach, we choose m=(M;, —M5)
sothat m -n = 0. By (4-11) we have My(s) ~ 1 +as* witha = %(M%M4 —2M My M5 + M;’), SO NOW
a 2

~ ms (4-17)

fo
(all moments are evaluated at s = 0 here). At the tricritical point, a® = My —2M5M5+ (M3 ¥ >0 by (4-3)
(cf. Lemma 4.6). By continuity, a remains positive at least along some arc of the second-order curve
adjacent to the tricritical point. The constant A is A = (1 — M) la. U
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0 1 2 3 4

Figure 5. Effective potential V vs. ¢ on tangent line (first-order side), at (g, v) =
(—3.700, 2.786). The point t; is the location of the minimum.

4.4.2. Approach to tricritical point from dense phase. We parametrise the approach to the tricritical point
(gc, ve) as (g(s), v(s)) with s | 0, as in (4-10), and we write V,(t) = V (g(s), v(s); t). For both tangential
and nontangential approaches to the tricritical point from the dense phase, the approach is from below the
curve V'(0) = 1 — My = 0 and there is one solution 7y = #o(s) > 0 to V(fp) = 0. An example is depicted
in Figure 5. For this approach, V/(0) =1 — M, <0, and V,(0) = M3 — M can have either sign or equal
zero (the dotted curve in Figure 4 is the curve V' (0) = 0).

Proposition 4.3. As the tricritical point is approached,

Bo(|m - n|s)'/? (nontangentially from dense phase),
o~ 1 Bis (tangentially from second-order side), (4-18)
Bos (tangentially from first-order side).

The constants By, By, By are all strictly positive.

The proof of Proposition 4.3 uses the following elementary lemma, which gives an estimate for how
fast 1o — 0.

Lemma 4.4. Fors € [0, 1], let f; : [0, 00) — R be smooth functions, with f; and its derivatives uniformly
continuous (and hence uniformly bounded) in small s, t. Suppose that fy(0) = f;(0) =0, f;(0) >0,
and that f(0) <0 for s > 0. Then for small s > 0 there is a unique root to = ty(s) of fs(to(s)) =0 and
ass | 0,

to(s) = OO + 1 £, 0. (4-19)
Proof. By the assumptions that f(0) > 0 and that f,’(¢) is uniformly continuous in small s, ¢, there are

8, ¢ > 0 such that f"(t) > 2c for s, t <48, and hence f;(t) > f; (O)—I—fs’(O)t—l—ct2 =—|fs (0)|—i—fs’(0)t—i—ct2
for s, t < 4. Since the positive root to —a + bt + ct>* =0witha,c>0is

5,0
‘= 2i(—b+\/b2 ¥ dac) < 2i(z max{—b, 0} + 2/ac) = mx=0. 0} /4, (4-20)
C C C

we see that fi(t) > 0 if t > /[ f;(0)]/c + max{— f,;(0), 0}/c. In particular, for s small enough that
V1) /c+1f,(0)]/c <38, it follows by continuity and f;(0) < O that f; has a root o = fy(s) € [0, §] to
fs(to) = 0 satisfying 1o = O (/| f5(0)| 4 | £/ (0)]). Since fs is convex on [0, 8], this root is unique. U
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Proof of Proposition 4.3. We apply Lemma 4.4 to f;(¢r) = V/(¢). The hypotheses are satisfied: f;(0) =
1 —My(s) <0, f;(0)=0,and by (1-19) and (4-3),

a=f(0)=Vy"(0)=—3M5+1>0. (4-21)
Taylor expansion of V'(#) = 0 gives
V/(0)+ V"(0)tg+ 5 V" (0)t5 + O(15) = 0. (4-22)

It follows from Lemma 4.4 that

. —V"(0) £ /V"(0)2 = 2V"(0)(V'(0) + O(IV' ()2 + [V"(0)]*)
O =

V) (4-23)
Tricritical point nontangentially from dense phase. By (4-11), in this case we have
V/(0)=1— Moy(s) ~ —|m-nls, VI(0)~1—M(s) = O(s). (4-24)
Therefore the error term in (4-23) is O (s>/?) and hence
to~a 'Qalm - n|s)"?. (4-25)

The constant By is By = Qa~ )12 =22 — M5)~1/2

Tricritical point tangentially from second-order side. The slope of the tangent line at the tricritical
point is —Mj3, so the tangential approach is parametrised by (4-10) with m = (1, —M5). On this
tangent line, My > 1 and Mg — M, > 0 (see Figure 4). As above (4-17), My(s) ~ 1 + a‘s? with
a¢ = (M2 MG —2M ¢ MSMS + (M5)3) > 0, and by (4-11), My(s) ~ | — bs with b = M§ — (M5)? > 0
by (4-3). Therefore,

V/(0) =1 — Moy(s) ~ —as?, V/(0) = Mo(s)* — Mj(s) ~ bs. (4-26)

As in the previous case, we apply Lemma 4.4 and (4-23) but this time with an error term which is O (s3).

This leads to
to ~ o' (=bs + v b2s2 + 2aas?) =« (=b + Vb + 2aa)s. (4-27)
The constant B; is By = a~ ' (—b + v/b% +2aa) > 0.

Tricritical point tangentially from first-order side. Now we parametrise the tangential approach as in (4-10)
with m = (=1, M3). Now M > 1 and Mg — M; < 0 (see Figure 4). The formula (4-23) again applies
with error term O (s3). Again My(s) ~ 1+ as?, but now

M (s) ~1+bs (4-28)
due to the replacement of m by —m. Therefore,
o~ a " (bs +vb2s? +2aas?) = a” (b + Vb2 + 2aa)s. (4-29)

The constant B, is By = o~ ' (b + /b2 + 2waa) > 0. O
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Figure 6. Effective potential V vs. ¢ on first-order curve, at (g, v) = (—3.700, 2.864).
The point #y is the unique positive solution to V () = 0.

4.4.3. Approach to tricritical point along first-order curve. We now complete the proof of Theorem 1.5,
by proving the last case of Theorem 1.5(iii) in Proposition 4.5 and the remaining part of Theorem 1.5(i)
(namely the failure of the phase boundary to be twice differentiable) in Lemma 4.6. The focus is on the
location #y of the nonzero minimum of the effective potential on the first-order curve. Figure 6 shows a
typical V.

Proposition 4.5. As the tricritical point is approached along the first-order curve parametrised by
(8(s), v(s)) = (8c — 5, ve(ge — 5)),

to ~ B3s (along first-order curve). (4-30)
The constant Bz is strictly positive.

Proof. On the first-order curve, V,(0) > 0 and V,"(0) < 0 (see Figure 4), and there is a unique #o > 0 such
that V(1) = 0. At this minimum, V/(#p) = 0 and V,"(p) > 0. Under Taylor expansion, together with the

fact that V,(0) = 0, the equations V;(#p) = 0 and V/(fp) = 0 become
0=1o(V/(0)+ 5V, (O)to + 5, V" (0)5 + O(t)) (4-31)
0= V/(0)+ V] (O)tg+ 5 V. (O)t5 + O(13). (4-32)
By the chain rule, % Ve (g(5)) =—vc4(g(s)), and by Lemma 4.1, —v, ¢ (g(s)) — M5 as s | 0. Therefore,

as in (4-28),

M (s) ~ 1 +bs, (4-33)

with b = M5 — (Mf)2 > 0. Also, since

d : : e
75 Mo(s) =—Mog(s) — Mo,y ()v(8e =) > My — Mi(=M5/M() =0 (s —0), (4-34)

it follows that
v/ (0) = Mo(s)2 — My (s) ~ —bs. (4-35)

We substitute this into (4-31)—(4-32) and use

V'0)=a=1-1M;>0, (4-36)
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to find that
Vi) =2+ 46 = 0toto +9)?), (4-37)
V'(0) — bsto + %tg = O (to(to + 5)*), (4-38)
and hence
V/(0) — ’%o = O(to(to+5)%). (4-39)
We substitute (4-39) into either of (4-31)—(4-32), and after cancellation of a factor #;, we obtain
~2y 0= 000 +5)". (4-40)
Since fy = o0,(1), this gives
3b
o~ —s= B3S, (4'41)
2a
so B3 = 3b/(2a) = 3(M5 — (M;)z)/(Z — M3) > 0 and the proof is complete. O

Note that the conclusion (4-30) agrees with the naive argument (ignoring the error term) that the
quadratic in (4-31) will have a unique root precisely when the discriminant vanishes, i.e., when

3 V! (0)?

Vi (0) = g Vs///(o) >

N

(4-42)

and in this case the root is fy = %lVS”(O)l/VS/”(O) ~ %bs/oa.
Finally, we prove the remaining part of Theorem 1.5(iii), concerning the behaviour of the density as
the tricritical point is approached along the first-order curve.

Lemma 4.6. (i) At the tricritical point, the second derivative of the second-order curve is given by
Vog = M — 2MS M5 + (M5)* > 0. (4-43)
(ii) At the tricritical point, the second derivative of the first-order curve is instead
Ve, gg = My —2M5 M5 + (Mf)3 +3b%/(4a), (4-44)
with b = M§ — (M5)* > 0 and witha = 1 — $ M5 > 0.

Proof. (i) The second-order curve v = v(g) is given by V/(0) = 0. Since V'(0) = 1 — My, a first
differentiation with respect to g gives 0 = My , + My, v,, and a second differentiation gives

0= Mo, gg +2Mo,vgvs + Mo, + Mo, vgg. (4-45)
We use vy, = —M>/M; from Lemma 4.1(i), (4-4), and M| = 1 to see that, at the tricritical point,
g 1 p
Ve.gg = M§ —2M5M5 + (M5)°. (4-46)

By (4-3), ve,gg > 0.
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(ii) By (4-5), on the first-order curve we have V, + V,v. , = 0. Total derivatives with respect to g are

denoted f = df/dg. Differentiation with respect to g gives

so, since V), ~ M{ty =ty by (1-24),

We need to compute the coefficient of 7y in f/g + YO/U Ve, g. Since

we obtain

1 ,
Ve.gg ™~ —5((Vg/ + Vive,g)io + Voo + Vige.g + (Vou + Viyve g)ve o).

From (1-24),

Ve =

Similarly,

‘?g+‘°/vvc,g+Vva,gg:0,

| PR 1.
Ve,gg = —V(Vg‘i‘Vva,g) ~ _E(Vg-i_ V,,vc,g).

v

‘o/g = Vg/;() + Vgg + Vg,,vc,g,
‘o/v = VJ;O + va + Vvvvc,gs

2
~ —Ugg + 0([0) ~ —M(),ggl() ~ —Mit().

Vgu ~ —M§Z‘O and V,, ~ —M;lo.

(4-47)

(4-48)

(4-49)
(4-50)

(4-51)

(4-52)

(4-53)

Therefore, since v, ¢ ~ —Mj5 by Lemma 4.1(ii), and since —fo— B3=3b/(2a) as g 1 g. by Proposition 4.5,

c cagc c\3 1 / /
Ve,gg ™ (M4 — 2M2M3 + (Mz) )+ B3£(Vg + Vvvc’g).

(4-54)

Let f(g) = Vé + Vyve . Since f(g.) = M5+ M{(—M5) = 0, we need the next order term. Direct

computation gives

1
/ /
Vet Vivey = m(

By (1-24) and (4-4), together with M

v
—vg,(l +v) +v'v, — (v, (1 +v) + v/v,,)v—g

v=M0t—|—%M1t2+---~t+%t2+...’
V=My+Mit+--~14+t+---,
vgzMo,gt-i—%Ml’gﬂ_F...
vy = Mot + S My 12+ -
~ —M5 — Mt
~—1—M;t.

(4-55)

(4-56)
(4-57)
(4-58)
(4-59)
(4-60)
(4-61)
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Therefore,

/ / Cc c c M§+%M§t
Vit Vive g ~ (M5 +M50)(1+1) — Mot — (1 + M5 (1 +1) — 1) —2—2—2-

+ 1Mt
~ M5 Mt — (1+ Mar) (M5 + S M51) (1 = S M51)
b
~ L (M — (M5t = Sh (4-62)
and the proof is complete. O
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OBSERVABLES OF COLOURED STOCHASTIC VERTEX MODELS AND
THEIR POLYMER LIMITS

ALEXEI BORODIN AND MICHAEL WHEELER

In the context of the coloured stochastic vertex model in a quadrant, we identify a family of observables
whose averages are given by explicit contour integrals. The observables are certain linear combinations
of g-moments of the coloured height functions of the model. In a polymer limit, this yields integral
representations for moments of partition functions of strict-weak, semidiscrete Brownian, and continuum
Brownian polymers with varying beginning and ending points of the polymers.
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1. Introduction

At least since the work of Kardar [1987], moments of polymer partition functions and related quantities
have been an indispensable tool in analyzing models from the so-called Kardar—Parisi—Zhang (KPZ)
universality class in (141) dimensions [Kardar et al. 1986], such as various (integrable) models of directed
polymers in a random environment, exclusion and zero-range processes, and random growth models.
An advanced (although nonrigorous) replica analysis of moments allowed Calabrese, Le Doussal and
Rosso [2010] and Dotsenko [2010] to derive the long-time asymptotics of the so-called narrow wedge
solution to the KPZ equation. An alternative approach to the asymptotics of this solution based on the
pioneering work of Tracy and Widom [2008a; 2008b; 2009] was developed rigorously by Amir, Corwin
and Quastel [2011] and in the physics literature by Sasamoto and Spohn [2010]. (These two approaches
were mostly reconciled by Borodin, Corwin and Sasamoto [2014].) The moment method became
rigorous with the appearance of explicit integral representations for g-moments of suitable g-deformed
models together with the asymptotic analysis of their generating functions in [Borodin and Corwin
2014]. (A simpler approach to the asymptotics through moments was later suggested in [Borodin 2018]

MSC2010: 60K35.
Keywords: observables, stochastic vertex models, polymer models.

205


http://msp.org
http://msp.org/pmp/
https://doi.org/10.2140/pmp.2020.1-1
http://https://doi.org/10.2140/pmp.2020.1.205

206 ALEXEI BORODIN AND MICHAEL WHEELER

and [Borodin and Olshanski 2017].) Many papers with analysis of g-moments of various integrable
probabilistic systems have been written since then. The stochastic six vertex model, first introduced by Gwa
and Spohn [1992], was also found to be accessible via such a route in work of Borodin, Corwin and Gorin
[2016Db]; see also works by Borodin, Corwin, Petrov and Sasamoto [2015a; 2015b], Corwin and Petrov
[2016] and Borodin and Petrov [2017; 2018a] for various approaches to the g-moments of this model.

Kuniba, Mangazeev, Maruyama and Okado [2016] introduced Yang—Baxter integrable coloured
stochastic vertex models; see also works by Bosnjak and Mangazeev [2016] and Aggarwal, Borodin
and Bufetov [2019]. Colours correspond to the simple roots in the underlying quantum affine algebra
U, (ET,,; ), with n = 1 corresponding to the colourless or rank-1 case considered previously.

Our recent paper [Borodin and Wheeler 2018] offered an extensive algebraic analysis of these coloured
models and uncovered certain distributional correspondences between coloured and (much more studied)
colourless ones. Such correspondences were further extended by Borodin and Bufetov [2019] and Borodin,
Gorin and Wheeler [2019], and they gave access to various unknown marginals of the coloured models.
However, so far no explicit formulas for observables of the coloured models have been found, apart from
those that arise through matching with colourless models. The primary goal of this paper is to remedy
this fact.

We obtain explicit integral representations for certain linear combinations of g-moments of coloured
height functions for the coloured stochastic vertex model in a quadrant. Further, following a path worked
out in [Borodin et al. 2019], we degenerate the (fully fused) coloured vertex model to directed polymers,
thus obtaining formulas for joint moments of polymer partition functions with different starting points in
the same noise field. The limiting objects include the KPZ equation (equivalently, the continuum Brownian
polymer), the O’Connell-Yor semi-discrete Brownian polymer [2001], the strict-weak or Gamma polymer
of Corwin, Seppildinen and Shen [2015] and O’Connell and Ortmann [2015], and the Beta polymer of
Barraquand and Corwin [2017].

Let us describe our results in more detail.

The coloured stochastic vertex model in a quadrant can be viewed as a Markovian recipe of constructing
random coloured up-right paths in Z>; x Z>; with the colours labelled by natural numbers. Let us also
initially assume that no horizontal edge of the lattice can be occupied by more than a single path; this
restriction will eventually be removed. The model depends on a quantization parameter g € C, a spin
parameter s € C, and row rapidities denoted by x1, x5, ... € C.

Along the boundary of the quadrant, we demand that no paths enter the quadrant from the bottom. On
the other hand, a single coloured path enters the quadrant from the left in each row. We assume that the
colours of the paths entering on the left are weakly increasing in the upward direction, and denote by A; >0
the number of paths of colour 1, by A, > 0 the number of paths of colour 2, etc. Let us also denote by

be=A1 4+, k=1, (1-1)

the partial sums of this sequence and also set £y = 0.
Once the paths are specified along the boundary, they progress in the up-right direction within the
quadrant using certain interaction probabilities, also known as vertex weights. For each vertex of the
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1 1 Ii_
0 0 i i 0 i
1 1 1
I—S.quzl s(sqli__x)qlzi-H sx(qli_l)qlzi-H
1—sx 1—sx 1—sx
+ +— +—
I; L; Ij;
i 0 i J J l
1 1 1
I—s’q= | sx(gV =g | s%(g" = Dg=
1—sx 1—sx 1—sx

Table 1. The vertex weights.

lattice, once we know the colours of the entering paths along the bottom and left adjacent edges, we
decide on the colours of the exiting paths along the top and right edges according to those probabilities. '
They are given by Table 1, where it is assumed that x is the rapidity of the row to which the vertex
belongs, 1 <i < j, I = (I1, I, ...) denotes a vector whose coordinates [ are equal to the number
of paths of colour & that enter the vertex from the bottom, and I;* = I +e; with ¢; being the standard
basis vector with 1 as its i-th coordinate and all other coordinates equal to 0. We also use the notation
I;; =I+e,—epand I, =1,+ 1,11+ --. The weight of any vertex that does not fall into one of the
six categories in Table 1 is set to zero. See Section 2 for the origin of these weights.

The stochasticity of the weights encodes the fact that these weights add up to 1 when summed over all
possible states of the outgoing edges with the states of incoming edges being fixed. When the parameters
of the model are such that all the weights are nonnegative, we obtain bona fide transition probabilities.
However, if we agree to deal with complex-valued discrete distributions, we will not actually need the
positivity assumption for our main algebraic result.

Let us now fix n > 1 and focus on the state of the model between row n and row n + 1. That is, let us
record the locations where the paths of colours 1, 2, ... exit the n-th row upwards as an n-dimensional
coloured vector (equivalently, a coloured composition) v with coordinates in Z>;. By colour conservation
that our weights observe, the counts of different colours in such a vector are provided by a (finite) sequence
A= (A1, A2, ...) corresponding to the colours that enter via the left edges of the first n rows; we call A
the labelling composition.> We will write the coordinates of v as

V=1 = 20 Vg1 = 2V [ Vg1 = =g | ), (1-2)

where the groups separated by vertical bars list the coordinates of the paths between rows n and n 4 1 of
colour 1, colour 2, etc. See Figure 1 for an example.
ISuch decisions at different vertices are independent.

2For convenience of notation, we assume that the left-incoming colours in rows n and n + 1 are different, so that we do not
need to split the last coordinate in this sequence.
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mj k= (1.1,2,0)
i w= (4 | 4 | 2, 2) — 102(0,0,2,0)304(1,1,0,0)5060 .
M,
4 ; A= 12.1)
L6 ———p—>——>
| v=1(6,2|714,21|5)
" 4 HI'(4) = Hi(4) =1
B A > H{(4) = H}'(4) =
w3 2y > > Hf(4)=Hz”(4)=H3”(4)=HI(4)=1
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72 ———> A
V/ll(4) V/H(4) =1
oLy 5 )

1 2 3 4 5 6 7 8

Figure 1. A possible configuration of the coloured vertex model.

Our observables on random v’s are also indexed by coloured compositions. Let us fix a composition
k = (k1, k2, . ..) satisfying k < A coordinate-wise (otherwise the observable vanishes identically), and a
coloured composition p with coordinates in Z; whose colour counts are given by «. It is also convenient

to parametrize u differently by writing u = 1mom® ... where the vectors m‘) = (m () mgj ), ...)are

such that their coordinates m(J )

count the number of parts of p of colour i equal to j; see Figure 1.
Yet another way to describe coloured compositions is through their coloured height functions defined

as follows; see Figure 1:
HY (x) = #{j : colour(p;) =i, p; > x};
HY,(x)=Y Hf(x). HL(x)=> H{(x); H'"=H-H/"
k>i k>i
Here colour(p;) refers to the number of the block in the splitting of the form (1-2) for the coloured
composition p that p; belongs to.

For k-coloured p as above, let us now define an observable O,,, whose values on A-coloured v’s are
given by

v/,
(/)HV/I/-( +1) Hi (J+1)
Oum=[]4q" < 5

i,j=1 m; q

H" v v/ Y HY %)
. (q >i (]+1)_q >, (]‘H))(q >i (]+1)_q S J+D— 1) (q VRGHD _ q (+1D)—m! -H)
ij>1 (¢:9),,»
In the rainbow case A = (1, 1, ..., 1) of all colours being different, O, simplifies to
Yk e
G+ _ (+1)
rainbow _ i{”(/-ﬁ-l) q H i q H;
optrw= ] 1 m =14 [ =1 :

i,j :m}j)=l

i,j :mfj>=1
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and in the colour-blind case ). = (n) it is given by

(1 _qH"(m-i-l))(l _qH“(uﬁ-l)—l) G _qH“(,um+l)—m+l)

O;olour-blind (V) —

’

szl(ﬁﬁ C])mult,-(u)

where H” = H_, is the colour-blind height function, mult; (1) = #{i : u; = j}, and m = £(u) is the
number of parts_in u.

In order to write down an integral representation for the average of O,,, we need to introduce certain
rational functions f,(x; z1, ..., Z,) with the number of variables m = £(u) equal to the number of parts
of 1. In the rainbow case of pairwise distinct colours, coloured compositions are the same as uncoloured
ones, and for anti-dominant compositions § = (§; < §; < ... < §,,) these functions are completely

e ) = szo(SZ;Q)multj(S) ﬁ( Zi—S )‘3"
A | RS N S ATy

Note that we dropped « from the notation for fs as it plays no role in the rainbow situation. For non-anti-

factorized:

dominant u’s, one way to define f, is by the following recursion that allows us to move step by step
from anti-dominant compositions toward the dominant ones: If ©; < ;41 for some 1 <i <m — 1, then

T; - fu(zla ceey Zm) = f(;u ..... ui+1,ui,...,um)(zla ey Zm),

where
i —qzi
T=qg- "L 0_g), 1<i<m—1,
Zi —Zi+1

with elementary transpositions s; acting by
5i h(zl’ cecy Zm) = h(Zl’ ey Zl—‘r]a Zi’ cecy Zm)a

are the Demazure—Lusztig operators of the polynomial representation of the Hecke algebra of type A,,—1.
The rainbow functions f,, were thoroughly studied in [Borodin and Wheeler 2018] under the name of
spin nonsymmetric Hall-Littlewood functions; they also play a central role in the present work.

For generic, not necessarily rainbow « and «-coloured , f, is defined as a suitable sum of rainbow

functions. Concretely, let6: {1, ..., m}— {1, 2, ...} be the unique monotone map such that 16~ 1( Dl=«;
for all j > 1. Then for any composition » with m parts, we can define a x-coloured composition 6, ()
by colouring the coordinate »; by colour j if and only if 6(i) = j, foralli =1, ..., m. With this, we set
fule, 2tz = Y felzi e zm).
2205 ()=
Finally, denote by ¢; < - - - < ¢, the colours of parts of w, and denote by my, ..., mg > 1 the number
of parts of u of colours ¢y, ..., cq, respectively (m;’s are simply renumbered nonzero coordinates of «).

Set m[a, b] =m, +my41 + - - - +my and recall that

br=A1+--+ A fork > 1, 50:0.

We can now state the main result of this paper.
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Theorem 1.1. With the above notation, we have

o qZuzl Zi>j m,{u)mﬁm (_S)M1+M2+~~ % % 1—[ Yji— i
e szl(sz; q)|m<f>| (277\/ _1)m around{x;l} i Yji—4qyi

I<i<j<m

Xl_[(mZ (—=1)ig™ ) ’*mﬁk ! [T Lo '“1“—[" M 1—qxby,>
J

1 Vimo @) Dy p>mllk—1]a>tq 1 I =xXayp r>j4mllk—11b>E, I=xpy

S (i — $)dy;
AT LY § i (1-3)

i=1 i

where (positively oriented) integration contours are chosen to encircle all points {xj_l};f:l and no
other singularities of the integrand, or as g-nested closed simple curves with y;-contour containing
q- (yj -contour) for all i < j, and all of the contours encircling {x / |- The contours can also be
chosen to either encircle or not encircle the point Q.

Our proof of Theorem 1.1 is deeply rooted in the formalism of spin nonsymmetric Hall-Littlewood
functions f, developed in [Borodin and Wheeler 2018]. The key new ingredient is the idea to treat
skew-Cauchy identities for these functions as averages of certain observables over the measure given by
terms of the nonskew Cauchy identity. The latter can then be identified, under a certain specialization,
with the sum over states of the stochastic vertex model along a horizontal line. Accessing observables via
deformed Cauchy identities was previously used in [Borodin and Petrov 2017; 2018a] in the colour-blind
case, but the mechanism of deformation was different, and the path to integral representations was more
complex. It should be noted, however, that [Borodin and Petrov 2018a] was able to reach an integral
representation for fully inhomogeneous vertex models (which was later exploited analytically in [Borodin
and Petrov 2018b]). So far we have not been able to reach the same level of inhomogeneity in the coloured
case, although some inhomogeneity can be added, and it is actually necessary for the limit to polymers.

Let us briefly mention some algebraic corollaries of Theorem 1.1.

First, in the colour-blind case A = (n), (1-3) readily leads to a formula for g-moments of the height
function with a completely factorized integrand that could be viewed as a source of all the major asymptotic
advances in the area. This colour-blind reduction is discussed in Section 6B.

Next, as the dependence on the values of the coordinates of j is concentrated in the f),-factor and f,,’s
are eigenfunctions of a transfer-matrix of our vertex model, the expectations O,, satisfy certain difference
equations. Those can be seen as evidence that O, (v) is actually a duality functional for our model; see
Section 6C for details. Duality has served as a major tool for analyzing (¢-)moments since [Kardar 1987].
It would be very interesting to see if our prospective duality functionals can be related to those obtained
by Kuan [2018].

In the rainbow case A = (1,1, ..., 1), together with simplification of observables O, to Offi“bow
mentioned above, the integrand also simplifies due to the lack of j-summations. This case carries
additional colour-position symmetry both in the left-hand side of (1-3) and in the right-hand side; see
Section 6D. When applied to O,,, this yields another set of potential duality functionals. Let us also note
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that for anti-dominant u, when f,, completely factorizes, the result can alternatively be obtained from the
colour-blind case by applying a (highly nontrivial) shift-invariance property of [Borodin et al. 2019].

Finally, Theorem 1.1 allows for stochastic fusion: A cluster of neighbouring rows with same left-
entering colours and rapidities forming a geometric progression can be collapsed to a single “fat” row
whose edges are allowed to carry multiple paths. One can further analytically continue in the parameters
gPumber of rows inacluster ohtaining a corresponding result in the fully fused model.? Details of this procedure
can be found in [Borodin and Wheeler 2018; Borodin et al. 2019], and the resulting version of Theorem 1.1
is Corollary 6.9 in Section 6E.

The source of analytic corollaries of Theorem 1.1 is the fact that the coloured stochastic vertex model
and its fully fused version degenerate, in various limits, to a variety of other probabilistic systems; see
[Borodin and Wheeler 2018, Chapter 12] and [Borodin et al. 2019] for some of those degenerations, and
the chart in the introduction to [Borodin et al. 2019] for a “big picture”. In this text we only consider, in
Section 7, the limit into directed random polymers that was worked out in [Borodin et al. 2019]. We obtain
versions of Theorem 1.1 for random Beta-polymers (first considered in [Barraquand and Corwin 2017]),
strict-weak or Gamma-polymers (first considered in [Corwin et al. 2015; O’Connell and Ortmann 2015]),
O’Connell-Yor semidiscrete Brownian polymers [O’Connell and Yor 2001], and fully continuous (also
known as continuum) Brownian polymers (equivalently, the stochastic heat equation with multiplicative
noise or the KPZ equation).

Two simplifications happen in these limits. First, the presence of colours in our vertex models translates
into varying starting points of the polymers, while the general definitions of the polymer models remain
the same as in the colourless situation. Second, the observables simplify to pure moments of partition
functions (no linear combinations necessary) in three of the four polymer models we consider. Let us
illustrate what happens on the example of the continuum Brownian polymer; see Section 7E.

Let Z0) (¢, x) be the unique solution of the following stochastic partial differential equation with the
initial condition

Z,(y) = %Zg} +n(t, x) 2V, t>0, xeR; Z00,x) =8(x —y),

where n = n(¢, x) is the two-dimensional white noise. See, e.g., [Quastel 2012] and references therein for
an extensive literature on this equation and its close relation to continuum Brownian path integrals and
the Kardar—Parisi—Zhang equation.

We are interested in evaluating the average of the product of several Z©) (¢, x) with varying x’s and y’s.
We will use the notation x; for different values of x, and we will group those according to which of them
correspond to the same value of y. In order to do that, we will talk about a coloured real-valued vector
% = (x1, ..., %y,), with coordinates of the same colour corresponding to the same y’s. Further, we will
simply use the term “colour” for those y’s and denote them as s1 < - - - < s4; they are also real-valued.
Denote

ml(x)=#{j:}:j=x and has colour s;}, mi=Zm§x), l<i<a xeR
X

30ur original setup can be viewed as a partially fused model because vertical edges are allowed to carry multiple paths; it
could have been obtained from the fundamental model with no more than one path on any edge by clustering columns.
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Then the limiting version of the fused version of Theorem 1.1 reads (see Proposition 7.9)

(Z(si)(t, x))mf.x)
[E[ 1_[ m1 ]

(X)O
(Zn\/_)’"/ /1_[ —wl—l

(i,x):m

l<1<]<m
[1.k]
o eXp(—sk . Z:;m[l k—1] wr) m 2
i . tw;/2 . _
X | | -~ e%(wl,...,wm)l |e dw;, (1-4)

k=1 i=1

where the integration is over upwardly oriented lines w; = a; ++/—1-R with Na; > Ra; + 1 for j > i.
The functions ¢, in the integrand are the limiting versions of the functions f, in (1-3), and they are
defined as follows. In the rainbow case, in the dominant sector k; > kp > ... > k,, one has

e (Wi, ..., Wy) :eXP(%lwl + W),

and for »; > x; 4| for some 1 <i <m — 1 one uses the exchange relations

w; — Wi41 + 1 .
‘Zi'e}f:e(kl ..... Hit1:Kiseees J(m)’ ‘lel_$(l_ﬁl)9 lil Sm_la
Wi — Wi+
to extend the definition to all rainbow vectors x. For a more general colouring, we use the (unique) colour-

identifying monotone map 6 from {1, ..., m} to the set of colours {s; }, and define ¢,, =) _ (2

rainbow x': 60, (2")=2x

The moment formula (1-4) has a certain shift-invariance, see Remark 7.10 below, that is partially
explained by the KPZ-level degeneration of the results of [Borodin et al. 2019]. This shift-invariance is,
furthermore, a corollary of the conjecture in the introduction to [Borodin et al. 2019]. It does not imply
that conjecture though, because the moments are well-known to not determine the distributions of Z’s

uniquely.*

2. Preliminaries

The goal of this section is to summarize previously proved results that we will need later on. The notation
and exposition largely follow [Borodin and Wheeler 2018].

2A. The weights. The vertex models that we consider assign weights to finite collections of finite paths
drawn on a square grid. Each vertex for which there exists a path that enters and exits it produces a
weight that depends on the configuration of all the paths that go through this vertex. The total weight for
a collection of paths is the product of weights of the vertices that the paths traverse. We tacitly assume
the normalization in which the weight of an empty vertex is always equal to 1.

Our paths are going to be coloured, i.e., each path carries a colour that will typically be a (positive)
natural number, with colour 0 reserved for the absence of a path. Our vertex weights will actually depend
on the ordering of the (nonzero) paths’ colours, rather than on their exact values. The paths will always

4That conjecture was very recently proved, by two different methods, in [Dauvergne 2020] and [Galashin 2020].
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travel upward in the vertical direction, and in the horizontal direction a path can travel rightward or
leftward, depending on the region of the grid it is in; this choice will always be explicitly specified.
A basic family of vertex weights that we will use is denoted as

-x C
(x,L) =B D =WL,M<;§‘]; B D) =WLwm(x/y;q; A, B,C, D), 2-1)
A
4
(v, M)

where x, y are inhomogeneity parameters (or rapidities) associated to the row and column, horizontal
edges carry no more than L paths, vertical edges carry no more than M paths, all paths are of colours
1,...,n for some n > 1, and the specific sets of colours on the edges are encoded by compositions (or,
equivalently, vectors with nonnegative entries) A = (A, ..., A,), B=(B1,...,By), C=(Cy,...,Cy),
D = (D, ..., D,) subject to the constraints

|A[, [C] =M, |B|, |D| <L, (2-2)

where we use the notation | - | to denote the sum of all parts of a composition.

These remarkable weights come from a family of stochastic R-matrices constructed in [Kuniba et al.
2016] via symmetric tensor representations of the quantized affine algebra U, (EI,:); see also [Kuan
2018; Bosnjak and Mangazeev 2016; Aggarwal et al. 2019; Borodin and Wheeler 2018]. Let us list some
of their properties.

The Yang—Baxter equation for these weights can be written graphically as

B; B;
A1 Cz Cl Bz
(x,L) — B, (x,L) =>4,
G = ¢ (2-3)
crce, M= A C B cncne; M =4 c B
A3 As
(z, N) (z,N)

See also [Borodin and Wheeler 2018, (C.1.2)] for the corresponding formula.
These weights enjoy a transpositional symmetry

c qM—L 1 D
Wim|x:q; B—>p ) =Wy T o (2-4)
A X q B

They are sfochastic in the following sense:

C
ZWL,M<x;q; B o) =1, (2-5)
C,D A

where the sum is over all compositions C = (Cy, ..., Cy) and D =(Dy, ..., D,) with |C| <M, |D| <L.
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They can also be given by the following explicit formula originating from [Bosnjak and Mangazeev
2016]; see also [Borodin and Wheeler 2018, Theorem C.1.1]:

C
Wi m (x; q; B D) = (1A+Bzc+D)xlD|f|B\q|A|L7|D||v|
A
XY ®C—P,C+D—P;q" Mx,q")D(P, B; g™ /x,q7"), (2-6)
P
where the sum is over compositions P = (Py, ..., P,) such that 0 < P; < min(B;, C;) forall 1 <i <n;

and for any two compositions A, u € N" such that A; < pu; for all 1 <i <n, we used the notation

X; X; - . ;
OO, i x,y) = ( q)m(.y/ 9)lu—a] (3 /x) M g Zi<s =202 1—[ (l; ) .
3 i=1 /g

The substitution of L = M =1 into Wy returns the (stochastic version of) the fundamental R-matrix for
Uq (5 [n+ 1 ) :

X ¢ Ry/X(A*vB*’ C*aD*)’ |A|7|B|7|C|’|D|§1’
Wil =3¢ B-—>p | = . 2-7)
A 0, otherwise,
where we have defined
It — 0, I1=0,
I, I = e; (i-th standard basis vector),
for any composition I = (I, ..., I,) such that [I| <1, and where R,,, denotes the fundamental R-matrix
depicted as (with z = y/x)
k
R, j ik, 0)= j ¢, 1,j,k,0e€{0,1,...,n}, (2-8)

4
and with matrix elements summarized in Table 2, in which we assume that 0 <i < j < n. Observe that
these weights are manifestly stochastic.
The general weights W|_m can be reconstructed from the fundamental ones in Table 2 via the procedure
of stochastic fusion. To state how it works we need a bit of notation.
Let N > 1, and consider a vector of nonnegative integers (i1,...,in) € {0, 1, ..., n}. From this we
define another vector,

Clir, ..., in) =1, ..., In), lo=#k:ix=a}, 1=<a=<n, (2-9)
which keeps track of the multiplicity of each colour 1 < a < n within (i, ..., iy). Set

nv(iy,...,in) =#1<a<b<N:i, >ip}, iﬁ(l(z’l,...,iN)z#{l§a<b§N:ia<ib},
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i J i
i i i i i J
i J ]
1 qg(1—2) l—q
1—qgz 1—qgz
i J
J J J i
l 1
-z (1-9)z
1—gz 1—gz

Table 2. The matrix elements of the fundamental R-matrix.
and, denoting Ip:=N—Y"_, I,

V(i oo V(s i (45 9)n
Zq(N, I) — Z qan(l] ..... lN) — Z qan(]] ..... ]N) — .
Clitnnin)=1 Cljtmi)=1 (@: D1 q: Dy - (g3 91,

Then (see [Borodin et al. 2019, Appendix]),

x C
WL,M(;QQ? B 1 D) ki ... km
g“'x ji 17
1 G, o V(... : :
= T WAL CE 2 OO ameet o F(210)
A 3 T et jO=B Clitsning)=A X ji ¢
C(,....00)=D Clkyonkrn)=C
l'l ... l'M

where the figure on the right denotes the corresponding partition function with R-weights given by (2-8)
and Table 2 (thus, summation over all possible states of interior edges is assumed), and the colours on the
boundary edges, as well as row and column rapidities, are explicitly indicated.’

A key feature of the fused R-vertices that allows stacking them together is their g-exchangeability:
In equation (2-10), the sum over (ky, ..., km) can be omitted at the expense of adding the factor of
q_i“"(kl""’k"")Zq(M; C) to the summands, gnd, independently, the sum over (£1, ..., £ ) can be removed
at the expense of adding the factor of g ™1 ZL)Zq(L; D); see [Borodin and Wheeler 2018, Proposi-
tion B.2.2] for a proof.

3 As in (2-8), the spectral parameter of an R-vertex is assumed to be equal to the ratio of the column rapidity and the row
rapidity.
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In what follows we will also need partially fused weights defined as (see (2-4))

C
LSNA, b; €, d) = Wi (f; q; ed) : 21D
$ A gM—s5—2
1 C
M;toch(A’ b: C, d) = WI,M i; —: e eq s (2-12)
X q 4 qM—>S72

where the substitution of a generic complex parameter s> for g~ is based on the fact that the right-hand
sides are rational in ¢M. The weights L$©°" are tabulated in Table 1.
In addition, we will use gauge transformed (nonstochastic) versions

K

(=) LN j K O = Lo, s K, 0) = x — | ¢, (2-13)
1
K

(=) MM, j K O = ML, j; K, 0) = y < ¢ j (2-14)
1

that, as a consequence of (2-3), satisfy the following version of the Yang—Baxter equation; see [Borodin
and Wheeler 2018, (2.3.5)]:

J J
. ky  Ji 3k .
Y < s y < Ji
> X = Y X I (2-15)
0<ki,k3<n KeN" x — i, 0<ki,k3<n KeN' x — i3
k1 i3 i k3
1 1

with the spectral parameter of the R-vertex equal to (gxy)~'.

The explicit values of the weights (2-13) are summarized in Table 3 where we assume that 1 <i < j <n,
and the notation I} ) stands for ) " _, I,. For n = 1, these weights correspond to the image of the
universal R-matrix for the quantum affine group U, (g[;) in the tensor product of its vector representation
(horizontal edges) and a Verma module (vertical edges), with parameter s encoding its highest weight;
we call s the spin parameter.

2B. The q-Hahn specialization and a limit relation. The complicated expression (2-6) can simplify at
special values of parameters; we have already seen this in the case of L*°" and M*°", Another such spe-
cialization that allows L and M to remain generic is the following (see [Kuniba et al. 2016, Proposition 7]
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1 1 1"
0 0 i i 0 i
1 1 I
l_squ[l,n] (x_sqli)ql[i+l.n] x(]_qli)ql[i+l.)l]
1—sx 1—sx 1—sx
+ +— +-
L Lij 1ji
i 0 i J J i
1 1 1
l—squ[l’"] x(l_qu)ql[jJrl.n] s(l_qli)ql[iJrl,n]
1—sx 1—sx 1—sx

Table 3. The explicit values of the weights (2-13).

and also [Bosnjak and Mangazeev 2016, (7.13)]): Assuming that L < M, we have

— — n
wiml1:¢; 8 £ b | =gL-MIDI @™ @iai-1p1(@ " Dip) qz,<j Dl-(A_f—Dj)l—[( Ai )
’ i \Ai=Di/,

A G™; @) a
=®(D,A;q7 g7, (2-16)

The proof follows from the fact that setting x = 1 restricts the sum in (2-6) to a single term with
P = B. This specialization is often referred to as the g-Hahn point because for n = 1 it reproduces the
orthogonality weights for the classical g-Hahn orthogonal polynomials.

Note that replacing g™ by a generic complex parameter s as was done for Wy y in (2-11) can also
be performed for W\ for L > 1 either in (2-6) or in (2-16), because those are weights are still manifestly
rational in ¢gM. Alternatively, the result of such a replacement could be seen as a stochastic fusion of the
weights LM in the spirit of (2-10), where only the outer sum over j,’s and £’s is present.

We will also need the following limiting relation for the weights (2-6); see [Borodin et al. 2019,
Lemma 6.8]:

Assume that B =(0,...,0,L). Then

=1 @GP  (q;9)a (2-17)

L. -L.
C ) (45 9)o @ 5D iyt (0, 0,d). d>0,
D
0 otherwise.

lim  Wim (qu; q: B

q*M:‘Y2—>O A

2C. Row operators and rational functions. Let V be an infinite-dimensional vector space obtained by
taking the linear span of all n-tuples of nonnegative integers:

V = Span{|I)} = Span{|iy, ..., in)}i....i,eN- (2-18)
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It is convenient to consider an infinite tensor product of such spaces,
V=VeVieaVh®: -,

where each V; denotes a copy of V. Let ®1§io |I;)r be a finite state in V, i.e., assume that there exists
N € N such that I, = 0 for all £ > N; in what follows only such states are considered. We define two
families of linear operators acting on the finite states:

~ ( IO Il 12 ......... 00
G :@ U Y. | s o |1, 0<i<n, (219
k=0 Jo,J1,...eN? k=0
o i gy e
In I, I ... .....
o o
Bx): @ Y | x o Q1. 0<i<n (2-20)
k=0 Jo.Ji,...eN? k=0
Jo 1 Jp oo

where the vertex weights are those from (2-13) and (2-14), respectively. Note that the sums above are
always finite due to path conservation, and the infinite number of empty vertices far to the right all have
weight 1.

A direct corollary of the Yang—Baxter equation (2-15) is the fact that the row operators B; and C;
satisfy certain explicit quadratic commutation relations; see [Borodin and Wheeler 2018, Section 3.2].
The simplest ones state that for a fixed i, 0 <i < n, the operators 55; (x) commute between themselves
for different values of x, and, similarly, C;(x) also commute for different values of x. Slightly more
complicated are the following relations between 5- and C-operators; see [Borodin and Wheeler 2018,
Theorem 3.2.3]:

Fix two nonnegative integers i, j such that 0 <i, j < n, and complex parameters x, y such that

xX—s y—s

<1. (2-21)

l—sxhl—sy

Then the row operators (2-19) and (2-20) obey the following commutation relations (0 <i, j < n):

_ o L=gxy . .. _ o L=gxy . ..
Cix)Bj(y) = I Bi(y)Ci(x), <], qCi(x)Bj(y)= Bi(y)Ci(x), i>],
@B = S 5 e Bi(y)Ci A=y s~ e B
B =5 k§<iﬁ KNG + B — k§>ij ().

Note that matrix elements of the left-hand sides in (2-22) are given by infinite sums, and (2-21)
ensures that those sums converge. It is thanks to the infinite range of the lattice in (2-19) and (2-20) that
relations (2-22) are simpler than the usual commutation relations in the Yang—Baxter algebra.

We are now in position to introduce certain rational functions that will play a central role in what
follows; they were called nonsymmetric spin Hall-Littlewood functions in [Borodin and Wheeler 2018].



OBSERVABLES OF COLOURED STOCHASTIC VERTEX MODELS AND THEIR POLYMER LIMITS 219

For a composition p and n complex parameters xi, ..., x,, define a rational function f, (x1, ..., x,)
as a partition function depicted below (vertex weights (2-13) are being used):

A0) A(1) A2) ...

Xn—> n 0
fulxr, oo xn) = s : (2-23)
X2 = 2 0
X —> 1 0
0 0 0

with A (k) = Z?:l 1,,,—«e;. These are certain matrix elements of the operator Cy(x;) - - - Cx (x,) that can
be symbolically written in the form (@|C;(x1) - - - C,(x,)| ). A more general definition of the f,’s, as
described in [Borodin and Wheeler 2018, Section 3.4], involves some of the operators C; being repeated
with different arguments (equivalently, some of the paths entering the partition function (2-23) from the
left being of the same colour); we will meet such functions in Section 2H.

Similarly to the f,,’s, one defines dual functions

0o o0 o0
Xn < n 0
guxi, ... xy) = D : (2-24)
X2 < 2 0
Xp <1 0

A0) A(1) A2) "

as matrix elements (u|B(xy) - - - B, (x,)|D) of By (xy) - - - B, (x,). One proves (see [Borodin and Wheeler
2018, Proposition 5.6.1]) that these two families of functions are closely related:

n
2o, x g s =g o [ [ e gn ), = (s ), (2°25)
i=1

where the multiplicative constant ¢, (g, s) is given by
szo(sz; Q)mj(p,)

It will be convenient for us to use a slightly different normalization of the dual functions:

culg, s) = ; mj(p):=#l<k<n:u=j}, Jj=0. (2-26)

n(n+1)/2

g, (X1, ..., X)) i=¢ (@—17" - gulx1, ..., xn).
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Finally, let us introduce a third family of symmetric rational functions parametrized by a pair of
compositions u, v, or rather by a skew composition /v, by

B(0) B(1) BQ2) ...

xp <« 0 0

Gupxr, ..., xp) = D : (2-27)
Xp < 0 0
xp < 0 0

A@0) A(1) A@D) -

(where p =1, 2, ... is arbitrary) with A(k) = Z?:l 1,,—re;, B(k)= Z’}Zl 1,,—xe;, for all k € Zx.
These are matrix elements (u|Bo(x1) - - - Bo(xp)|v) of the operator By(x1) - - - Bo(x,), and their symmetry
with respect to the x;’s is a direct consequence of the commutativity of By(x;)’s noted after (2-20).

2D. Colour-blindness. For any integer k € {0, 1, ..., n} define its colour-blind projection
0, k=0,
0(k) := 1k>1:{1’ k=1,

Also, denote the set of compositions of a fixed length (number of entries) with a given weight (sum of
entries) k as

W(k) :={K € Z’éo (| K| =k}.
Then one proves (see [Borodin and Wheeler 2018, Proposition 2.4.2]) that

> L, ji K00 =LO(IL0G): k. 0), Y Y Lo, ji K, 0 =LO(T1,00)): k1),
Kew(k) KeWw(k) 1<t<n
(2-28)

where LV refers to the weights (2-13) with n = 1. Similarly, one has

Y ML js K00 =MO(11,00):k,0), > > M, j; K, 0) =M (11,60 k, 1),
Kew(k) Kew(k) 1<t<n
This has been observed in a number of earlier publications [Foda and Wheeler 2013; Garbali et al.
2017; Kuan 2018], and used to different effects within those works. This property allows certain linear
combinations of higher-rank partition functions to be computable as rank-1, or colour-blind partition
functions.

As an example, one derives the symmetrization identities (see [Borodin and Wheeler 2018, Proposi-
tions 3.4.4 and 4.4.3])

Yo Sl x) =F (LX), Y Gupn e xp) =Gyt (x1 - X)), (2-29)
it =v it =k

with the sums taken over all compositions with a given dominant reordering denoted by the superscript “+”,
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and where the symmetric rational functions F¢ and G are colour-blind objects that were considered at
length in [Borodin 2017; Borodin and Petrov 2017; 2018a].

2E. Recursive relations. While explicit formulas representing the functions f,, as sums of monomials
are rather involved (see Chapters 6 and 7 of [Borodin and Wheeler 2018] for two different versions) there
exist concise recursive relations for them.

First, for anti-dominant compositions § = (§; < --- < §,), the functions fs are completely factorized
(see [Borodin and Wheeler 2018, Proposition 5.1.1]):

szo(SZ;LI)mj(S) . (x,- —s
[T, (1 —sx;) .

This happens because the partition function (2-23) has only one configuration of paths that contributes

fa(xlv ---,xn) ==

3
1 ) . omi@) =#{l<k<n:8=j}, j=0. (2-30)
— 85X

nontrivially.
Second, the following recursion allows one to move step by step from antidominant compositions to
the dominant ones; see [Borodin and Wheeler 2018, Theorem 5.3.1]:

Let w = (1, ..., uy) be a composition with u; < ;4 for some 1 <i <n — 1. Then
E'f,u(xh""xﬂ):f(u] ..... JUi1 s s eeey ,bLn)(xh---’xﬂ)a (2_31)
where
Xi — X
T=q- " _g), 1<izn—1, (2-32)
Xi — Xi+1
with elementary transpositions s; -h(xy, ..., x,) :=h(x1, ..., Xi4+1, Xi, - . . , X,), are the Demazure-Lusztig

operators of the polynomial representation of the Hecke algebra of type A, 1.

2F. Summation identities. The functions f,, g,,, and G, satisfy several summation identities that can
be found in [Borodin and Wheeler 2018, Section 4]; in what follows we will need a couple of them.
The first one bears a certain similarity to a summation identity proved by Sahi [1996] and Mimachi and
Noumi [1998] for nonsymmetric Macdonald polynomials [Mimachi and Noumi 1998]; it was proved as
[Borodin and Wheeler 2018, Theorem 4.3.1].

Let (x1,...,x,) and (yy, ..., y,) be two sets of complex parameters such that (see (2-21))
Xi—S§ yj—S§ ..
. <1 forall 1 <i, j <n. (2-33)
I—sx; 1—sy;
Then

N - 1 I —qgx;y;
= e 2-34
> Lt X)) (Y V) _l_[l—xiyi I1 p—— (2-34)

2 i=l n>i>j>1 J

where the summation is over all compositions @ (with nonnegative coordinates).

This identity is proved by evaluating the matrix element (&|Cy(x1) - - - C, (x,) B1(¥1) - - - By (y,)|9) in
two different ways, by inserting the partition of unity ) _ . [1) (1| between the groups of 5- and C-operators,
and by using the commutation relations (2-22).
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A

Figure 2. Admissible contours {C1, ..., C,} with respect to (g, ).

A similar argument applied to the matrix element (F|Cy(x1) . ..Cy(x,)Bo(y1) ... Bo(yp)|v) leads to
the following summation identity that is reminiscent of the skew-Cauchy identities known in the theory
of symmetric functions (see [Borodin and Wheeler 2018, Proposition 4.5.1] for a detailed proof):

Let (x1,...,x,) and (y1, ..., yp) be two sets of complex parameters satisfying the constraints (2-33),
and fix a composition v = (vy, ..., v,). Then one has the identity

XiYj
qu(xl"--’xn)Gu/v(YL---ayp) Hl_[ q ] fl)(xlv~~~v )7 (2_35)
12 i=1j= 1(](1—)6,)7]

where the summation is taken over all length-n compositions . = (g, ..., ip)-

2G. Orthogonality and integral representations. Let {Cy, ..., C,} be a collection of contours in the
complex plane. We say that the set {C, ..., C,} is admissible with respect to a pair of complex parameters
(g, s) if the following conditions are met:

e The contours {Cy, ..., C,} are closed, positively oriented and pairwise nonintersecting.

e The contours C; and ¢ - C; are both contained within contour C;4; forall 1 <i <n—1, where g - C;
denotes the image of C; under multiplication by g.

 All contours surround the point s.

An illustration of such admissible contours is given in Figure 2.

Often when we integrate rational functions over {Cy, ..., C,}, the integrals can also be computed
as sums of residues of the integrand inside the contours. Such sums also make sense for values of
parameters that prevent admissible contours from existing, and thus the integrals could also be defined
via the residue sums. Therefore, we will tacitly assume that we perform such a replacement should the
admissible contours not exist, and we will also use a similar convention for other contour integrals below;
see Remark 5.3.

Letu=(uy,..., Uy)andv=(vy, ..., v,) be two compositions. We have the following orthonormality
of nonsymmetric spin Hall-Littlewood functions (see [Borodin and Wheeler 2018, Theorem 8.2.1]):

b f 4 % dxy Xj—Xi 1y
W, T X| s X Xy e xy) =1,_,. (2-36
Qr/—D" Je, X1 X l_[ Xj—qxi Ju(xy n )8y (X1 )=1,—-. ( )

I<i<j=<n
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Coupled with (2-34) (which is easily shown to converge uniformly provided that the left-hand sides
of (2-33) are bounded by a uniform constant < 1), this leads to the integral formula

1 dy, dyn yj— Vi _1 -1
fulxt, . oo, xp) = ———— —% ;Y )
. Qrv/—D" Je, N1 Cy l_[ ' Vi e

n ciljen Vi T4
" 1 l—qxiyj
x]_[l___ ] T 23D
i=1 Xii n>i>j>1 XiYj

A similar integral representation for G, originating from (2-35) can be found in [Borodin and
Wheeler 2018, Section 9.5].

2H. Coloured compositions. This section closely follows [Borodin and Wheeler 2018, Sections 3.3-3.4],
where a more detailed exposition can be found.

Let . = (A1, ..., A,) be a composition of length n and weight m: |A| = Y "_, &; = m. Denote the
partial sums of A by Zle Ai = £;. We introduce the set S of A-coloured compositions as follows:

Sp={uw=u1 == pglpes1 == pel e, 1= = g} (2-38)

That is, the elements of S, are length-m compositions w, which have been subdivided into blocks of
length A, 1 <k < n. These blocks demarcate the colouring of ©. Within any given block, the parts of
have the same colouring and are weakly decreasing.

Two special cases of A-coloured compositions play special roles. The first is when A = (#, 0, ..., 0),
when compositions p € S, consist of a single block whose parts are weakly decreasing; i.e., one simply
recovers partitions. As was noted in (2-29), reducing to this case recovers the symmetric rational functions
F., Gs from [Borodin 2017; Borodin and Petrov 2017; Borodin and Petrov 2018a].

The second one is when A = (1, 1, ..., 1) = (1""). Then compositions u € S, consist of n blocks, each
of a different colour. Thus, the parts of u are not bound by any inequalities; accordingly, one recovers the
set of all length-n compositions. We will refer to these as rainbow compositions, or as composition in the
rainbow sector. The functions f,,, g, and G, introduced above were all defined under the assumption
that the participating compositions were in the rainbow sector.

Let u € S, be a A-coloured composition, with £; denoting the partial sums of A, as above. We associate
to each such p a vector |u); €V, defined as

) =Q AR, Al =) Aje;, Ajl)=#i: =k ;1 +1<i<t}, (239
k=0 j=1

where by agreement £ = 0. In other words, the component A ; (k) enumerates the number of parts in the

Jj-th block of p (these are the parts of colour j) which are equal to k. Further, we define vector subspaces
V(A) of V which provide a natural grading of V:

V=P P Vi), V) :=Spancllu)ies,. (2-40)

m=0 [A|=m

The grading (2-40) splits V into subspaces with fixed particle content: V(1) is the linear span of all states
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consisting of A; particles of colour i, for all i > 1. We refer to these subspaces as sectors of V, thus
generalizing the “rainbow sector” terminology.
The definitions of the rational functions f,, g, and G/, naturally lift to coloured composition labels.

Concretely, let A = (A1, ..., A,;) be a composition of weight m with partial sums £; as above, and fix a
A-coloured composition = (i1, ..., ) € S,. In analogy with (2-23), set
¢ &
fuixt, .o xm) = (2] (1'[ ¢ (x») ( [] et ) ( H Cn(x;) )m (2-41)
i=1 i=01+1 n—1+1

where |u); € V(L) is given by (2-39), and (| € V* denotes the (dual) vacuum state (&| = ®k 0(0lk,
which is completely devoid of particles, and C;’s are the row-operators (2-19). Graphically, this is the
partition function of the form (2-23), with the incoming paths in the bottom £¢; rows having colour 1,
having colour 2 in the £, rows right above those, etc.

One similarly defines, in analogy with (2-24) and using the row operators (2-20),

61 62
guhs X1, ..., Xp) = wu(]‘[B](xi))( I1 Bz(xl-)) ( H B(x,)w (2-42)

i=1 i=£1+1 n—1+1

where (1], € V*(A) is the dual of the vector (2-39), and | &) € V denotes the vacuum state |&) = ®1§io [0) s
Again, here the exiting paths in the bottom £; rows have colour 1, in the next ¢, rows they have colour 2, etc.
Finally, in analogy with (2-27), for i, v € S we define

Gup;xt, .o, xp) = (uaBo(xy) - - Bo(xp)|v)i, (2-43)
with
(o :=QA® L, Ak =D Ajke;,  [v)=QBOL Bk =) Bjke;,
k=0 Jj=1 k=0 j=1

Ajl =#i i =k Go+1<i<t),  Bil=#i:vi=k ti_i+1<i<t),

and the graphical depiction (2-27) does not require any modifications. Since the labelling composition A
only participates in this definition as a record of the colours in the boundary states  and v, we will often
omit it from the notation of G, .

3. Extensions

In this section we provide a few straightforward extensions of the results from Section 2, most of which
have very similar proofs.

3A. Columninhomogeneities. In (2-23) we defined the functions f}, by utilizing the weights L of (2-13)
with x = x; and a fixed spin parameter s for all the vertices in the i-th row, 1 <i <n. It is meaningful,
however, to extend the definition when we take x = x;&; and s = s; for the vertex in the i-th row and j-th
column, where 1 <i <n, 0 < j <400, and {§;};>0 and {s;} ;>0 are two infinite sequences of complex
parameters. Correspondingly, in the definitions (2-24) and (2-27) of g, and G/, one needs to use the
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weights M, of (2-14) with x = x;& j_l and s = s; for the vertex in the i-th row and j-th column, with the
same sequences {§;} ;>0 and {s;};>o0.

Many of the results cited in Section 2 and their proofs extend to such an inhomogeneous setup almost
verbatim. In the colour-blind case of n = 1 this can be seen by comparing [Borodin and Petrov 2018a]
and [Borodin and Petrov 2017].

The basic reason for such an easy extension lies in the fact that the Yang—Baxter equation (2-15) has a
suitable extension. More exactly, the needed deformed equation has the form

Yo D Ll i K kD Rgany1 Gia, kis ks, j)Mog—1 (K, ks T, j3)
0<k;,k3<n KeN"

= > > My iz: K. k3) Ry (ks,in: ja, k) Leg (K. ki3 . j1), - (3-1)
0<kj,k3<n KeN»
where the important thing to notice is that the parameters of the R-weights in the middle remain independent
of &£, and they are also independent of s by their definition (see Table 2).°
Let us quickly go through inhomogeneous analogues of the results from Section 2 that we will need.
The commutation relations (2-22) remain unchanged, as they are related to the R-matrix in (3-1), but
the convergence condition (2-21) needs to be modified to

L
x— 5 —5.E.

lim §j i Y& _

L—>oo]_ I—ijjx éj—sjy

k]

=0

see [Borodin and Petrov 2018a, Proposition 4.8] for an explanation in the n = 1 case. In what follows, we
will only need the situation of finitely many (in fact, exactly one) &;’s different from 1 and s;’s different
from a certain fixed s, in which case, we can clearly continue using (2-21).

Correspondingly, the summation identities (2-34) and (2-35) also remain unchanged, modulo a similar
comment about the convergence condition (2-33).

The relation (2-25) between f’s and g’s remains valid with the following modifications — the inversion
of s for the g in the left-hand side needs to be applied to all the s;’s, and the multiplicative constant c;,
needs to be read as

1‘[],20 sj-(q— 1)nq#{i<jruisuj}
l_[jzo(sjz.; Q)mj(u) ‘

The proof remains the same.

The colour-blindness results (2-29) remain in place with identical proofs and inhomogeneous F and G
understood as in [Borodin and Petrov 2018a].

The factorization (2-30) for the antidominant compositions looks very similar (and the same argument

works):
8i—1

[

j=0

- 1
Ffs(xX1, .o, xp) = H(SJZ-; Dm; () H(l
i=1

i20 — 88;&s, Xi

S =5 ) (3-2)

l—sjéjxi

SThis version of the Yang—Baxter equation is also a consequence of the “master” Yang—Baxter equation (2-3).
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The recurrence relation (2-31) remains unchanged, with the action of 7;’s given by the same Demazure—
Lusztig operators (2-32). Its proof was based on the commutation relations between C;’s given in [Borodin
and Wheeler 2018, Theorem 3.2.1] and on [Borodin and Wheeler 2018, Proposition 5.3.3], both of which
remain intact in the inhomogeneous setup.

Finally, the orthogonality relation (2-36) remains literally the same, with the contours surrounding
all the points {§;s;} ;>0 instead of just s in the homogeneous case. It is a bit more difficult to convince
oneself that this is so because this proof relies on many ingredients. In addition to the facts already
mentioned above, one needs monomial expansions of [Borodin and Wheeler 2018, Chapter 6] and a
certain explicit contour integral computation. The latter in the inhomogeneous setup is exactly [Borodin
and Petrov 2018a, Lemma 7.1], while the proof of the former carries over to the inhomogeneous case in
the same spirit as all the other above-mentioned facts.

The principal reason for our carrying the column inhomogeneity of the model throughout Sections 3-6
is to be able to perform a limit transition in column 1 in Section 6, which will then give us access to
averages of observables in the fused models and, as a consequence discussed in Section 7, in integrable
models of directed random polymers.

3B. A simplifying specialization of G,;,. Our next goal is to prove the following statement.

Proposition 3.1. Fix generic complex parameters q and s, a composition A, and two A-coloured composi-
tions ., v of length n > 1. Then for L € N and generic e € C, G,/ (A; €, qe, ..., qL_le), with G defined
as in (2-43), is a rational function in q", and there exists a limit

Go/p = éli_r}})(q”'- “Goyp(hs €, g€, " ) | gim ot (3-3)

where in the right-hand side we substituted a particular value into a rational function. Explicitly, G,,,
has the form

(—s)H!
(—s)lV! Goln =
v/p
_ S @ ® @) vl H7 " (x+1) ,
s H;ozo((Sz; Dim 4 iy i nzr'lzl g"i i (XH)( l m® , dfallv; #0, (3-4)
i q

0, otherwise,

where we defined, for each x > 0, an n-component vector m™ whose i-th component mfx), 1<i<n,is

equal to the number of parts of i of colour i that are equal to x (symbolically pu = om® mVom® 2

and also coloured height functions

s

HY(x) =#{j :colour(x;) =i, x; =x},  HY =Y H{(x), HY'=H—H'  (3-5)

k>i

The same conclusion holds in the inhomogeneous setting of Section 3A under the condition that for each
column x > 0 such that there exists a part of w equal to x (i.e., |m™®| > 0), the column rapidity and spin
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parameter in that column are still equal to 1 and s, respectively, as in the homogeneous case, and the

factor (—s) "=l in the left-hand side of (3-4) is replaced by []:_, H‘J)l:_ltl: (s~ L

Remark 3.2. We tacitly follow the convention that the g-binomial coefficients vanish unless their
arguments are nonnegative, and the top one is at least as large as the bottom one. Thus, the top line
of (3-4) can also produce a zero outcome.

Proof. Let us first switch from using the weights M, of (2-14) in the partition function of the form (2-27)
to using the weights M ;‘OCh of (2-12) instead. The product of the correcting factors (—s)1/=! in (2-14)
over all vertices gives (—s)VI=111 (the exponent counts the number of horizontal steps of all the paths,
which is exactly |v| — |u|). Note that this matches the inverse of (—s)/“/=!"l in the left-hand side of (3-4),
and in the inhomogeneous setup, the product of these correcting factors gives

n vi—l1
[TT]esp
i=1 j=u;
instead.

With the weights M;“’Ch, it is a bit more convenient to reflect the partition function with respect
to a vertical axis so that paths move to the right horizontally. Then, noticing that the left and right
boundary conditions of (2-27) consist of having no entering or exiting paths, we recognize that using
the geometric progression (e, ge, ..., g"'€) for horizontal rapidities is equivalent to performing the
stochastic fusion in the vertical direction (corresponding to the outer sum in (2-10)). Hence, we obtain
that (—s)'“"'“'GV/M(A; €,qe, ..., q"€) is a one-row partition function with the incoming paths from
the bottom parametrizing v, outgoing paths on the top parametrizing u, no paths entering or exiting on
either side, and the vertex weights given by

1 C
Wiml| = —; B>p
q A

Here s and € need to be replaced by s; and éj_le, if the vertex is in a column j that carries inhomo-
geneities (s}, §;). Pictorially,

(3-6)

M|«

M52

......... I1(2) 1(1) 1(0)
(=)MMG, (A€ ge, ... g o) = 0 0 (3-7)

......... J2)J(1)J ()

with I(k) =Y "7 1,,—rei, J(k) = 2?21 1,,—xe;, for all k € Z¢. This partition function is a rational
function in ¢ because every vertex weight (3-6) is; see (2-6).

Assume we are in the homogeneous setting first. Observe that if in the right-hand side of (2-6) we
have ¢“~Mx = I, then the only nontrivially contributing term comes from P = C, for which the first
®-factor turns into 1. In terms of our weights (3-6) this corresponds to gM~ts/e = 1, which is realized
by setting gt = (se)7! (recall that gM = 5s72).
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Writing out the term with P = C we obtain

|D|—|B|
N Al —2|D
Lap=cin- (%) (s€)l4l15=2P

(7% g Dieise™ g7 B1—ie) £ 5\/C] S (B—CC; . (Bi)
= i<j\Pi 1)~ . (3_8)
o &) 1} Ci)

There is an additional factor of ¢g"* = (s€) ™" in (3-3). Since our compositions have n parts, there is a total
of n paths exiting (3-7) from the top, and we can distribute (se€)™" as (s€)~I€! over all vertices in (3-7)
(with C corresponding to the paths exiting the vertex at the top). Hence, we need to take the limit as
€ — 0 of (3-8) multiplied by (se€)~!C!. This is a straightforward calculation which yields

n
_CC, B;
Lisp=cip-s 2% @)cr - q==1 B ] ( ) : (3-9)
i1 \Ci/g
For the inhomogeneous setting, our hypothesis implies that for any vertex in a column with inhomo-
geneity parameters (5, £) we must have C = 0. This turns the sum in (2-6) into a single term with P =0,

which leads to the replacement of (3-8) by

Lispecin (6715)7 " (54522 (o ia D¢ se hig Dim (3-10)

(71525 ¢7 Dp) ((se)" g g
This expression has the exact same € — 0 asymptotics as (3-8) with C = 0, thus confirming (3-9) for the
inhomogeneous setup as well.

It remains to interpret B and C in (3-9) in terms of the height functions. Assume that our vertex is
located in the column with coordinate x > 0 (which means, in particular, that A = J(x), C = I(x) in
the notation of (3-7)). Then B; is the number of paths of colour i in (3-7) that enter from the bottom
at a location strictly to the left of x minus the number of paths of colour i that exit through the top at
a location strictly to the left of x, and this equals HZ.U/ #(x 4+ 1) as defined in (3-5). Furthermore, C; is
exactly mgx). Hence, the part of (3-9) past the indicator function takes the form

— (x)
s 2|m | (S2

X) pyV, X X n H-V/M X + 1
L) imw)| NS i HY () =5 1_[ ( i )) , (3-11)

i=1 m;” q
and the product of these expressions over x > 0 gives the first line of the right-hand side of (3-4).

On the other hand, the role of the indicator function 144 p—c+p in (3-9) is in providing a recipe for
uniquely assigning the paths along the horizontal edges of (3-7) inductively: D is assigned the value of
A+ B — C, starting from the far left where no paths are present. This works smoothly until column 0, in
which D must be equal to 0, enforcing A + B = C. Since the g-binomial coefficients require B; > C; for
a nonzero outcome, we conclude that A must be 0 in the O-th column, giving us the second line of the
right-hand side of (3-4). O

An important special case of G,/ is when p has only zero parts. A direct inspection of (3-4) leads to
the following:
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Corollary 3.3. For u =0"= (0,0, ...,0), with notation G, := G, jon, the limit (3-3) takes the form

—2n,.2. . .
(_S)—lvl gu — ; (S ’ Q)n’ l.fall 1)l # 09 (3_12)

, otherwise.

In the inhomogeneous setting, assuming that (s, &) = (s, 1), a similar formula holds, where one needs to
replace (—s) ™" in the left-hand side by []}_, ]_[‘J).’;Ol (—sj)_l.

The second symmetrization relation of (2-29) implies that G, has to equal
éli_r)r(l) Gy+ (€, qe, ..., qL_le)qu:(se)fn

with vT denoting the dominant reordering of v, and G as in [Borodin and Petrov 2018a]. This limit was
evaluated in [Borodin and Petrov 2018a, Proposition 6.7], and was shown to be equivalent to (3-12).7

Let us also record for the future what happens to (3-4) when u and v are rainbow compositions
(equivalently, A = (1, 1, ..., 1)).

Corollary 3.4. Under the assumption that (. and v are rainbow compositions, (3-4) takes the form

— _ \m(x)| v/ .
(=)l = s Hiio((sz;qhm(”q " )Hlsisn;mf“zl 1H,-"“‘<x+1)=1qH>" (XH)), ifall vi #0,
—g)lvl TV
(=5) 0, otherwise.
(3-13)

The same formula holds in the inhomogeneous setting of Section 3A under the condition that for each

column x > 0 such that there exists a part of . equal to x (i.e., |m™| > 0), the column rapidity and spin

parameter in that column are still equal to 1 and s, respectively, and the factor (—s)!"! =" in the left-hand
L i—1 _

side is replaced by [];_, nj:m (—s;)~L

Proof. Direct inspection of (3-4). Note that in the rainbow sector, for any given i, 1 <i <n, the i-th
colour height function H;* defined as in (3-5), can only take values O or 1. O

3C. Colour merging. Different versions of colour merging properties of vertex weights have been
previously observed and studied in several works including [Foda and Wheeler 2013; Garbali et al. 2017;
Kuan 2018; Borodin and Wheeler 2018; Borodin et al. 2019]. We use this section to formulate the
statements we need in suitable notation.

Let ny, np be two positive integers, and let 6 : {1,...,n1} — {1,..., n,} be an arbitrary monotone
map. It induces a map 6, that turns a n;-dimensional vector into an n,-dimensional one as follows:

O I =U1,.... L))~ J=U1...,Jn,) it J; = Z 1. (3-14)
i€o-1(j)
In other words, we sum the coordinates of I that have the same 6-image and turn the result into a

coordinate of J whose index is that image. Empty sums are interpreted as having value 0.

7In fact, [Borodin and Petrov 2018a] provided two different evaluations for this limit, neither of which coincides with the
color-blind version of the proof of Proposition 3.1.
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Proposition 3.5. Denote the weights W\ given by (2-6) with n-dimensional vector arguments as W(")
Then for any n1, ny > 1 and a map 0 as above, we have the following colour merging relation: For any
A, BeZ% and C, D e 7% with |A|,|C| <M, |B|,|D| <L,

Z Wlfn,\'ﬂ) (x q; B § D) = Wlfﬁ\z/l) (x; q; 6B 5 5). (3-15)
cez):0.(0)=C 4 feld)
DeZ}:0.(D)=D
Proof. For L =M = 1, when the W-weights turn into matrix elements of the R-matrix (see (2-7)) the
statement coincides with [Borodin et al. 2019, Proposition 4.3] (and it is also easy to check directly from
the formulas given in Table 2 for the weights). For general L, M > 1, (3-15) readily follows from the
L = M =1 case and the stochastic fusion (2-10). U

Corollary 3.6. Colour merging statements similar to Proposition 3.5 hold for the vertex weights L,, M,
Lstoch ppstoch and g-Hahn weights (2-16), as well as for the vertex weights defined by (3-9).

Proof. This follows from the fact that all these weights are obtained from W\ by specializations, analytic
continuation, multiplication by factors that give the same contribution to the two sides of the merging
relation (3-15), and a limit transition € — 0 in (3-6) in the case of (3-9). O

The colour-blindness statements of Section 2D correspond, in the notation of Proposition 3.5, to
ny = 1. In particular, applying the colour-blindness relation to either the g-Hahn weights (2-16) or to the
weights (3-9) and removing common factors on the two sides, one obtains the g-identity (3-16).

Corollary 3.7. Forany Q € C, («1,...,0p) € Z>0’ and a fixed |B| € Z>y, |B| < ||, one has

Zl<y<]<n/31(0l/ =B |(X| )
2 @ H( ﬂl) <|a| |ﬁ|>Q' (10

0<Bi<a;, 1<i<n,

ﬂl+"'+ﬁn:|ﬂ‘

Since compositions are vectors, the map 6, from (3-14) sends any composition of length n; to a
composition of length n,. This can be naturally extended to coloured compositions as follows.

Let A be a composition with £(A) =n, weight || =m, and partial sums ¢} = Zle Ai. Then p :=6,(A)
is a composition with £(p) = n;, same weight |p| = m, and partial sums that we denote as ry = Zle Di-
Further, let i be a A-coloured composition of length m; see Section 2H for a definition. As in (2-39), we
can encode p by a sequence of n-dimensional vectors {A (k)}x>o:

ni
AR =D Aje;, Ak =#iipi=k L +1<i<)
j=1
It is not difficult to see that the sequence of n,-dimensional vectors B (k) := 6,(A(k)), k > 0, corre-
sponds, via

0+ (A(k)) = B(k) = ZBj(k)ej, Bi(k)=#{i :vi=k, ri.i+1=<i=<r;},
j=1
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to a p-coloured composition v of length m that we will define to be the image of © under 6,:
0* (1) =v. (3-17)

In less formal terms, if we view a coloured composition p as positions of finitely many paths coloured by
{1,...,n1}, then v = 6,(u) represents positions of the same paths that have been recoloured according
to the map 6. Note that we required 6 to be monotone, which means that the order of colours is being
preserved.

Proposition 3.8. Let A be a composition with £(\) = ny of weight |A| = m, p be a composition with
L(p) = ny and same weight |p| = m such that 0,(\) = p, V' by a A-coloured composition, and v" be
a p-coloured composition (both of length m). Then for any p > 1 and complex parameters x1, x2, . . .,

we have
D fuaxt o xw) = for(pi X X, (3-18)
iy (n)=v"
> Gupixt, .. xp) = Go o (pi X1, Xp). (3-19)
w05 (u)y=v"
Remark 3.9. When L = (1, 1, ..., 1) and np = 1, one recovers the symmetrization formulas (2-29).

Proof. In complete analogy with proofs of (2-29) in [Borodin and Wheeler 2018, Propositions 3.4.4
and 4.4.3], the argument consists in multiple applications of Proposition 3.5, or rather its version for the
weights L, and M, (Corollary 3.6) used in the definitions of f’s and G’s. In the case of (3-18), one
starts with the top-right nontrivial vertex of the partition function (2-23) (with appropriate, not necessarily
rainbow colours of entering paths on the left), while in the case of (3-19) one starts with the top-left
nontrivial vertex of the partition function (2-27), and then moves step by step into the bulk of the partition
function. Once the colour-merging summation has been performed for all nontrivial vertices, one recovers
the right-hand sides of (3-18) and (3-19). [l

4. Cauchy identities

The goal of this section is to show how the skew-Cauchy identity (2-35) leads to formulas for averages of
certain observables for stochastic vertex models.

For this section let us assume that we are either in the column-homogeneous situation, or, slightly
more generally, the number of columns in which inhomogeneity parameters (s;, £;) of Section 3A are
different from (s, 1) is finite. We start by extending the skew-Cauchy identity (2-35) to limiting versions
of the G-functions from Section 3B.

Proposition 4.1. Let i be a rainbow composition of lengthn > 1, and xy, . . ., x, be complex parameters

satisfying

s =8)| 1, 1<i<n. (4-1)

1 —sx;
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Then we have
n

va(xl’ ceey Xy) gv/u = n(l - ﬁ) 'flt(xlv cees Xn), (4-2)

s
i=1
where G, is as in Corollary 3.4, and f,’s are as in (2-23).

Proof. We start with the summation identity (2-35), multiply both sides by ¢"?, and substitute p =L,

31y --->¥p) = (€, g€, ..., g"'e) with € = s71¢ 7" to eventually match with (3-3). The identity takes
the form
‘ 1—x;/s
nL L1 i
E e Xn) - q"Gou(e, ge, .., ezll—- Vs Xn), 4-3
- fv(xl Xn)q v/,u( q q ) 11 1 —xi/(sqL) fu(xl Xn) 4-3)

where the convergence conditions (2-33) read

Xi—s§s yj—s Xi—S§ s_lqj_"_l—s Xi—S§ 1—s2q"_jJrl 1
l—sx; 1—sy; l—sx; 1—gi—+1 l—sx; s(g-/t1—=1)
forl<i<mand1 < j<L. They will hold forallL=1, 2, ... as long as the x;’s range over a sufficiently
small neighbourhood of s (we assume |g| < 1).
As in the proof of Proposition 3.1, q”LGV/M (e,qe€,..., q'—_le) can be represented as a one-row

partition function of the form (3-7) with fused weights (3-6) multiplied by (se)~ICl, Denoting [ := g‘, we
can rewrite those vertex weights as follows (see (3-8) and recalling that € = (s n=1,

— — — n
s 2BI=ICl (2.

-1 2¢. ,—1 IC| )
3 q )lCI(S kg )il-ic| <S2[> q—ZRj(B,-—C,»)Cj 1_[ <Bl> . 44
(G g7 )8 i1 \Ci/ g

layB=c+p"

Using the fact that |B|, |C| < n, one readily sees that this expression remains uniformly bounded as [
varies in the extended complex plane while staying uniformly bounded away from the potential poles at
{1,q,..., q”_l}. Hence, we obtain an estimate of the form |q”LGU/M(e, qge, ..., qL_le)| < const!”! for
such [. On the other hand, we also have

s M
l

4-5
1—sx; (4-5)

n
|fl)(-x19 .. -a-xn)| < COHStl_[
i=1

which follows from the fact that in the partition function (2-23) only vertices of the form
0

0

have the number of appearances that is not a priori bounded, and the weight of such a vertex in the j-th
row, according to (2-13), is (x; —s)/(1 —sx;) (at least sufficiently far to the right, even if there are finitely
many column inhomogeneities). We conclude that for the x;’s in a sufficiently small neighbourhood of s
and [ staying away from {1, g, ..., ¢g"~'}, the series in the left-hand side of (4-3) converges uniformly,
yielding an analytic function of I. Clearly, the right-hand side of (4-3) is also analytic in [, which implies
that (4-3) holds under the same conditions on the x;’s and [. Substituting [ = oo (equivalently, € = 0)
into (4-3) leads to (4-2).



OBSERVABLES OF COLOURED STOCHASTIC VERTEX MODELS AND THEIR POLYMER LIMITS 233

Once (4-2) is proved for x;’s sufficiently close to s and |g| < 1, we can relax the assumptions by further
analytic continuation in these parameters (although we will not need |¢g| > 1 below). In particular, since
the explicit formula (3-4) for G,,, shows const - |s|""! behaviour of G, for large v, using (4-5) we can
extend the equality to x;’s satisfying (4-1). O

Taking u = (0, 0, ..., 0) in Proposition 4.1, we obtain the following:

Corollary 4.2. For x1, ..., x, € C satisfying (4-1), we have

n

[ S oM b om) = 1, “o

i=1 S(S _xi) v:all v;i>0

where the summation is over all compositions v of length n with no zero parts. In the inhomogeneous
setting of Section 3A, assuming that (sg, &) = (s, 1), a similar formula holds, where one needs to replace
(—s)!"Vin the left-hand side by []'_, ]_[‘])’:_01 (—s;).

Proof. This is given by straightforward substitution of u = (0, ..., 0) and (3-12) into (4-2), with the

evaluation
n 2 i—1
1—s°q’
yeees =1l 4-7
[0 (X1 - xn) U - 47
which follows from the fact that the corresponding partition function (2-23) is the product of L-
weights (2-13) for the unique path configuration that gives a nonzero contribution. U

It is not difficult to extend Proposition 4.1 and Corollary 4.2 to partially merged colours.

Proposition 4.3. Let A be a composition with || =n, w be a A-coloured composition, and x1, ..., x, € C
satisfy (4-1). Then
n X;
Yo mixn ) G =1 =) s xrs o x), (4-8)
v is A-coloured i=1 5

which in the case of | having only zero parts, can be rewritten as

" 1 —sx;
[[—— > o)"Aakx,...x)=1 (4-9)

SS —X;
i=1 ( l) v is A-coloured,
all v;>0

In the inhomogeneous setting of Section 3A, relation (4-9) also holds under assumption that (so, £9) = (s, 1)
and with (—s)""! in the left-hand side replaced by [}, ]_[';’:_ 01 (—sj).

Proof. Let 6 : {1,...,n} — {1,...,£(A)} be the unique colour merging monotone map such that
0.((1,...,1)) = A; see Section 3C. Then we can sum (4-2) over rainbow p with a given image 6, (u).
The right-hand side is immediately computed via (3-18), and in the left-hand side we use (3-19) and
subsequently perform, using (3-18), a partial summation over v’s with the same image 0, (v). The result
is (4-8), with 0, (w) and 6, (v) replaced back by © and v. The second relation (4-9) follows from (4-8) in
the same way as in the rainbow case of Corollary 4.2. ]
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Definition 4.4. For any n > 1, composition A with |A\| =n, and ¢, s, x1, .. ., x,, € C satisfying (4-1), we
define a (generally speaking, complex valued) probability measure on the subset of S (defined in (2-38))
consisting of A-coloured compositions v with no zero parts by

P =[] 9 i) (4-10)

i=1
Graphically, the weight of this measure could be seen as partition functions of the form (2-23) with
incoming colours on the left partially identified according to A, with vertex weights LM given by (2-13),

and conditioned to have no exiting paths in the 0-th column (i.e., A(0) = 0 in terms of (2-23)).
In what follows we will also use the notation

oM xn, e x) = ()P A, X)), (4-11)

In the inhomogeneous setting of Section 3A, we will assume that (sg, &) = (s, 1), and in the right-hand
sides of (4-10) and (4-11) replace (—s)""! by [T"_, ]‘[;;‘0‘ (—s;).

The graphical interpretation is based on the observation that the prefactor of the sums in (4-6) and (4-9)
is exactly the inverse of the product of L*°M-weights of vertices

0

0

in the O0-th column of a partition function of the form (2-23) with no turns in the 0-th column, and (4-11)
is the result of computing the partition function for f, with L-weights replaced by the L*°"-weights.
Together with the stochasticity of the L*°M-weights, this also implies (4-6) and (4-9).

Definition 4.5. In the context of Definition 4.4, for any A-coloured composition @ = om” mom®
introduce an observable O, whose values on A-coloured compositions v with no zero parts are given by

0. =[]T1 qm,f“H:wa)(

x>1i>1

H M (x 4+1
I x + >> | W)

(x)
m; g

where we use the coloured height functions (3-5). Note that only nonzero parts of u play a role in this

definition.
For rainbow compositions, i.e., when A = (1,..., 1), the observables take a simpler form; see
Corollary 3.4:
rainbow _ H:{“ (x+1)
O, ()= 1_[ Ly g1 9
x>1,i>1
m;X)=1
HY e+l HYM (kD)
- I ¢ 1 4-13)
x>1,i>1 9=

m;X)=l
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Example 4.6. In the colour-blind case A = (n), thinking of the coordinates of u as being ordered:
U1 > > ... > Uy, we can rewrite (4-12) as a shifted g-moment of the colourless height function:

(1— qH“(u1+1))(1 _ qH"(uﬁ—l)—l) (11— qH"(uk+1)—k+l)

O;olour bhnd(v) — szl(Q§ P , (4-14)
where mult; () =#{i : u; = j} and k = max{j : u; > O}.
We are now in position to formulate the main result of this section.
Theorem 4.7. With notation of Definitions 4.4 and 4.5 above, we have
Yoot Xinymim
EO,=E, [0,(n)] = 1 (1= sx3) - fRON O x1, . X), (4-15)

[ 120062 @)oo Pl

where the expectation is taken with respect to the weights (4-10), and the observables are given by (4-12)
in the general case, or by (4-13) in the rainbow case.

The formula (4-15) also holds in the inhomogeneous setting of Section 3A under the assumption that
(Sx, &) = (s, 1) for any x such that |m®| > 0, and for x = 0.
Proof. Let us take the ratio of two skew-Cauchy identities (4-8) with u and with u = (0, ..., 0). This

yields
vav()\;xl,---vxn)gv/u_ fu()\;xl’---»xn)
Yo hxn, o x)G fo. 0 X, X,)

which can be rewritten, via (4-11) and (4-7) (stated in the rainbow case, but also holding in the non-rainbow

9’

one for the same reasons), as
Zv S xr, oo, x0) Gy (gv/u/gv) . H?:l(l —5X;)
> Hsxi, o x) Gy (=) (s%; q)n
The summations are taken over A-coloured compositions v with no zero parts.

Observe that the left-hand side of (4-16) is exactly £, (G,/,./Gy); see Definition 4.4. The expression (3-4)
for G,,,, (which is also the source of our assumption in the inhomogeneous setting) implies

LM X1, ). (4-16)

Gow (s2; 9 mo)| Z?:l(m;@) anj>i(Hj“)/H(1)_m§O))) l_[ (Hiv/ﬂ(l))
G, (=M ) my”

i>1 q

X l_[(sz; q)|m(x>|q72">f ;) -Ou ().
x>1

The only v-dependent part of this expression is O, (v), and it stays under the expectation; the other
factors can be moved to the right-hand side of (4-16). It only remains to notice that for G,,, not to
vanish, we must have Hl.U/ M) = mgo) for all colours i > 1. To see that, it might be easiest to return to
the expression (3-9) for the vertex weights in the one-row representation (3-7) of G,/,,, and note that
in the O-th column we have D = 0, which together with A + B = C + D and B > C (enforced by the
g-binomial coefficients) implies B = C, which is exactly the statement we are making, as B; = Hiv/ )
and C; = ml@). Taking these equalities into account and cancelling out common factors gives (4-15). [J
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5. Integral representations for f,

The result of averaging the observable O,, in Theorem 4.7 is the function f,,, up to simple prefactors. The
coloured composition p here has the same dimension (i.e., number of parts) as the coloured compositions v
over which we are averaging (see Definition 4.4), and thus does not offer much reduction in complexity.
The goal of this section is to show that f,, has an integral representation of the dimension equal to the
number of nonzero parts of w. Hence, by choosing w consisting of mostly zeros, we will be able to obtain
tangible formulas for averages over v’s of a growing dimension.

Definition 5.1. For a coloured composition x (defined as in Section 2H), we will denote by u=! the
coloured composition obtained from & by removing all of its zero parts. The colouring of £=! will be the
one naturally inherited from y, and we will denote it by A=! if y is A-coloured, or by colour(u=') if A is
not explicit.

Our first goal is to prove the following integral representation of f,, for rainbow compositions.

Proposition 5.2. Let y = om” 1mVom? . be q rainbow composition of length n > 1 not consisting
entirely of zeros, let u=' be as in Definition 5.1 with m :=n — |m©| > 1 being the length of u=', and let
1 < -+ < ¢y be the colours of the (necessarily nonzero) parts of u='. Then

(5% @ mo) (=" YiTYi
f/l(-xl""7-xn)=(1_sx).”(l_sx)2 \/_lm L .
1 n) ma/—1) around{x;” }1<l<]<m Yji—q)yi
n
_ yi—s8 X 1 —qgx;y;
X fo=tOp e ) ( dy~), (5-1)
" 1 ; Jl_[1 Yi 1 _xcfy] ll>_C[ - XiYj !

where (positively oriented) integration contours are chosen to encircle all points {xj_l};f:l and no
other singularities of the integrand, or as g-nested closed simple curves with y;-contour containing

(y -contour) for all i < j, and all of the contours encircling {x j 1-
The formula also holds in the column inhomogeneous setting Lmder the assumption that in the 0-th

column (s, &) = (s, 1).

Remark 5.3. Contour integration around a specific set of singularities can be viewed formally as the
sum of residues at those singularities, and such a sum would make sense if the parameters are such that
required contours are not possible to construct. This gives a slightly different way of interpreting (5-1),
as well as all the other integral representations below.

Remark 5.4. According to Definition 5.1, u=! is a coloured composition, and thus Sz Oy Lo, v b
should really be written as fuzl Ay 1, R 1), where A is the colouring composition for le_ However,
since all parts of £=! have different colours, and our vertex weights always depend on the colours only
through their ordering, we could replace the colours ¢; < - - - < ¢, represented in = by 1,2, ..., m,
and denoting the resulting rainbow composition by i=!, we would have f,=1(%, yfl, B =
Sz (yl_l, ce yml) It is this function that we denoted as f=1 (yl Yooy yml) thus slightly abusing the
notation.
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Remark 5.5. In the case so = 0, there exists a fairly straightforward argument leading to a formula
similar to (5-1). Namely, in that case vertices of the form J-1>i with j > i have weight zero (in the
0-th column) due to vanishing of the bottom right entry in (2-13). This means that the paths of colours
1, ..., cy are not allowed make any vertical steps in column 0, as otherwise they would have no way
of exiting this column to the right (because of the ordering of entering colours along the left boundary).
This completely determines the configuration of paths in column 0, and the contribution of the remaining
columns can be encoded as the matrix element

(D|Co(x1) - - - Co(xe, —1)Ce; (xe )Co (X 41) - - - Co(Xe,,—1)Ce,, (X, )C0 (X, 41) - - - Co(xn)]2¢),

with % = u=! — 1" and C-row operators from Section 2C. The summation over » of such expressions
multiplied by g>(y1, ..., ym) is evaluated as an explicit product similar to (2-34) via the commutation
relations (2-22), and then the coefficients of g} are extracted by the orthogonality (2-36).

It is not clear, however, how to extend this argument to sg # 0, and we need to employ a different idea
in the proof below.

Proof of Proposition 5.2. Our argument consists of two steps: We will first prove the formula for
(c1,...,cm)=m—m+1,...,n), and then show that the formula continues to hold when we reduce one
of the ¢;’s by 1. Iterations of such reductions will cover all possible choices of 1 <¢j <--- < ¢, <n.

Both steps work identically in the column homogeneous and inhomogeneous settings, and we will
give the argument in the homogeneous case. The inhomogeneous analogs of several statements from
Section 2 used below can be found in Section 3A.

Assume that (c{,...,c,) =(@m—m+1,...,n). This means that paths that enter the partition function
of the form (2-23) from the left in rows 1, ..., n —m must immediately turn up and exit on top, while
paths that enter in rows n —m + 1, ..., n must move to the right across the 0-th column (recall that no

horizontal edge can carry more than one path). Hence, the configuration of paths in the 0-th column is
completely determined, and the product of the L-weights (2-13) in this column gives

2' n  —
(%3 @) jmo)| I xj—s
1= —sxi)

On the other hand, the contribution of the remaining columns can be written as

1—sx;’
Jj=n—m+1 J

n

1 —sx;
| | 'fp,zl(xn—m—&-l,---,xn)y
. Xi— S
j=n—m+1

where the prefactor is responsible for the fact that the partition function for f,=1 (xXy—m+1, - .., X,) starts
with column 0, and we only had weights of vertices in columns > 1 remaining. We now need to show that
the product of the last two expressions agrees with the right-hand side of (5-1). With our choice of ¢;’s,

j_l withn—m+1<j <n.
The number of integration variables thus coincides with the number of potential pole locations, and no two

the integrand is independent of xy, ..., x,_,,, and its only poles are at y; = x

variables can have nonvanishing residues at the same location because of [[;_ i (yi — yj) in the integrand.
-1

Hence, the residue locations cover all points x,_ IRTRRS

s Xy

—1 exactly once, and ]_[;."zl(y j — $)Xc; in the
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integrand necessarily evaluates to ]_[ —n—m+1(I —sx;) in every set of nontrivial residues taken. Moving
this factor out of the integral, we are led to the following desired equality:

—1ym ;
fﬂzl(xn—m—i-l’ ---’xn) = ( ) f % y i
Qr/—1)m around {x —4qYyi

}l<z<j<m

1 l—gxy; dy;
X =t O e ) ]_[ (1_ I1 qufi), (5-2)

Xjyj 1—xy; yj
j=n—m+1 JYi i>j iVji Yj

Comparing to (2-37), we see that the difference is in (—1)" and the choice of contours, which both
come from the same origin. Namely, let us take the right-hand side of (2-37) (with n replaced by m
and (xy, ..., x,) replaced by (x,—m+1, - .., Xs)), and deform the outermost y,,-contour in the outside
direction, moving it through oo and closing around {xj_l}. The recursive construction of (rainbow) f,’s
from Section 2E readily shows that (y; - - - y,,) ™! Szt (yl_l, e ynjl) is a ratio of two polynomials in y’s
with the denominator consisting only of factors of the form (y; —s), and f,=1(y; Lo Ym 1y viewed
as such a ratio has the numerator degree 1 less than the denominator degree in each of the variables y;,
1 <i < m. Hence, our deformation of the y,, collects no residues along the way and yields the factor
(—1) for changing the contour direction.

Next, we do the same deformation with the y,,_;-contour. Following the same reasoning, there is
only one possible pole along the way: y,,_1 = ¢~ 'y,. If we leave this potential singularity inside the
Ym—1-contour, and proceed similarly for subsequent deformations, then we end up with two g-nested
contours surrounding {xj_] }. It turns out that the g-nestedness is not necessary. Indeed, a direct inspection
of the integrand shows that the only possible pole of y,, inside its current contour is x,, !, and then the
factor (1 — gx,, y,—1) makes the residue at y,,—; = qfl v vanish. Hence, we can close the y,,_-contour
around {xj_1 }, orient it positively, and acquire another (—1).

Continuing with this procedure for y,,_2, y;u—3, . . ., yi-contours (in this order), we turn (2-37) into (5-2),
thus completing the first step of the proof.

Let us now see why lowering of the ¢;’s in (5-1) keeps the formula intact. From the point of view of
the (rainbow) composition pu, replacing ¢; + c¢; — 1 (assuming there isno i # j such that¢; =c; — 1)
is equivalent to swapping p.;—1 = 0 and p.; > 0. This can be done with the help of the exchange
relations (2-31) by acting on the right-hand side of (5-1) by

Xc

qx
TCj—l =q— J—Cj(l _5(,]'—1)

x‘/_l Xe Cj

see (2-32). The only part of the right-hand side of (5-1) that is not symmetric in (x.;—1, X¢;) is the factor
X¢; /(1 —x¢;y;) (note that the contours are symmetric too), and applying 7;;—; to it we read

—Xc;Yj l_x(,‘jflyj

quj xcj—l _quj ( ij ij—l ij—l 1— qujyj
1

l_xc‘jyj Xej—1 — X¢; 1—ch71}’j l_ijyj

This recovers the integrand of (5-1) with ¢; = ¢; — 1 and completes the proof. ]
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Remark 5.6. While the integral representation (2-37) allowed for moving the contours through oo, this
is no longer true for (5-1), as the added factors (y; — s) create poles at oo.

The main result of this section is a generalization of Proposition 5.2 to coloured nonrainbow composi-
tions.

Theorem 5.7. Let A be a composition of weight |\| = n with partial sums Zle Ai =Ly, k>1;£p:=0.
Further, let u = om” 1m P om® . e q A-coloured composition of length £(u) = |A| = n not consisting
entirely of zeros, let u=' be as in Definition 5.1 with inherited colouring \=' and m = n — |m© |
being the length of n=', and let c; < - - - < cq be the colours of the (necessarily nonzero) parts of u=".
Finally, let my, ..., my > 1 be the number of parts of le of colours cy, . .., cy, respectively, and denote
mla, bl =m, +mgyq +- - +my. Then

fll()\'a X1y - »xn) =
(5% @) mo) 1
(I =sx1) -+ (1 —5xp) (271«/_)’”

yg yg Rl
around{x —4q)i

1<z<j<m

o my (—l)jq( k{/) j+m[l,k—1] n aryp m[1,k] —gxpy
(e I | 1 [157e)
J

ket Njmo (6 DG D p>mllk—1]a>te, l_x“y” s jmLk—1]b>t, P

1. - LTy O = )dy;
<f2 07y [ [ 53

i=1 i

where (positively oriented) integration contours are chosen to encircle all points {x;l}?zl and no
other singularities of the integrand, or as q-nested closed simple curves with y;-contour containing

q~ " - (yj-contour) for all i < j, and all of the contours encircling {x The contours can also be

] 1
chosen to either encircle or not encircle the point 0.
The formula also holds in the column inhomogeneous setting under the assumption that in the 0-th

column (s, &) = (s, 1).

Remark 5.8. For A= (1, ..., 1) and p arainbow composition, we have £, =k, a =m, m;=---mg =1,
m[1, k] =k, and the middle line of (5-3) evaluates to

1 L 1—qxgye 1 —gxpyr Xee Vi 1 —gxpyr
_] — == ’
(7 T e T il

XYk / po I —xpyk I —xe vk by I —xpyk

thus reproducing (5-1).
Proof. The central role in the argument is played by the following:

Lemma 5.9. For any positive integers €, | and m which satisfy € +m < |, and any symmetric function
D(z1, ..., Zm) that is holomorphic in a neighbourhood of the domain encircled by the integration contours,
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one has
2. yg % l_[;q)(Zl,...,Zm)l_[( ]_[ /dzp)
[—1>i1>>ip >t around(y;} 2j— 4z p=1 —Li,+1 =1

?g ?g L D2y, zm)
around{r;} l<] — 47

X(i (—l)fq(z l—[l—IQZp Fal—[HCIZr Fb)ﬁdﬁ’ (5-4)

Jj= O(q C])](q q)m ]p>0a 1 r>jb=1 r— p=1 <p

where (positively oriented) integration contours are chosen (independently in the two sides of (5-4)) to
encircle all points {x j}[jzl C C and no other singularities of the integrand, or as q-nested closed simple
curves with z;-contour containing g~ "'- (zj-contour) for all i < j, and all of the contours encircling {r; }[j=l
The contours can also be chosen to either encircle or not encircle the point 0.

Let us postpone the proof of Lemma 5.9 and use it for the proof of Theorem 5.7 first.
Letf:{1,...,n} — {1,..., £(A)} be the unique monotone map such that

0 (k)= {1 +1,...,6) forall 1<k<eO). (5-5)

We can then use the colour merging relation (3-18) to obtain a formula for A-coloured w’s from the
formula (5-1) of Proposition 5.2 for the rainbow ones. This means that we need to sum the right-hand
sides of (5-1), written for a rainbow composition fi, over all i with 6, (i) = u

Such a summation can be performed in two steps. At the first step we choose, for each colour ¢y

zl 1 <k <, the my colours in 6! (ck) that are represented in [Fl. At the second step

represented in
we choose, for each k, 1 <k < «, different assignments of the chosen my, colours in 6~ (cy) to the my
parts of =" that have colour ¢;. The summation of the second step is exactly the colour merging applied
to fz=1 (no other factors of the integrand of (5-1) depend on the choices in the second step), and (3-18)
shows that the second step summation results in replacing f;=1 in the integrand by f,-1.

Returning to the first step summation, we see that f,-1 in the integrand is now independent of the
choices involved, and we can focus on the rest of the integrand. For each colour ¢, 1 <k < «, we are
choosing c( Vo< c(mk) in 0~ (¢cy), or, according to (5-5), £, —1 < c,E )<< clgmk) <{.. Now the
sum over such mk—tuple of indices can be computed, for each 1 <k < «, using Lemma 5.9, where one

needs to make substitutions

m = my, t— (n_eck)7 [~ (n_ﬂck—l)v (Zlv"'azm)l_) (ymll,k—lj—l—l,---,)’m[l k])

(;1,?2,..-;[)|_>(xn_l,xn__ll,...,x;%_l_,’_]), (?1’?2’%)'_)(3(,,_1’)5,1—_11’ ( J,_])

I>ij>-->ip>B > m—L,- 1>n—c,(<1)> >n—c,(<m")2n— L),

and collect the factors that do not correspond to the ones in the left-hand side of (5-4) into a ®(zy, ..., Zm)-
The holomorphicity of ®(zy, ..., Zm) in a neighbourhood of {x J'}E':l is readily visible; and the fact that it
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is symmetric in z1, .. ., Z, follows from the fact that fﬂzl (yl_l, R yml) which enters ®(z1, ..., Zm)
as the only factor that is not manifestly symmetric, is symmetric in

Vm[1k=114+15 - - > Ym[1,k])

thanks to the commutativity of the C; (x) operators (for a fixed i and varying x) in the definition (2-41) of
f-functions for coloured compositions.

Comparing the right-hand sides of (5-3) and (5-4), we see that this completes the proof of Theorem 5.7
modulo the proof of Lemma 5.9. ]

Proof of Lemma 5.9. While a direct book-keeping of residues of the two sides of (5-4) might be possible,
we will use the theory of Hall-Littlewood processes as a shortcut, with the work [Borodin et al. 2016a,
Section 2] as our main reference; a more detailed description can be found in [Borodin and Corwin 2014,
Section 2]. See also Remark 5.10 on the origin of the argument given below.

Consider an ascending Hall-Littlewood process with weights on sequences of partitions A(D, ..., A®™
proportional to

Py 1y (x1) Pr.2)/n(1) (€2) Prny /3.n=1) () Qo) (0), LAk) <k, 1=<k<n, (5-6)

with, generally speaking, complex parameters {r;}"_;, o being the specialization of the algebra of
symmetric functions into a sequence of variables (by, by, - - -), and P, and Q, being the Hall-Littlewood
symmetric functions.

Our argument is based on [Borodin et al. 2016a, Proposition 2.2], see also [Borodin and Corwin 2014,
Proposition 2.2.14], which says that for any n >m| > ... >m, > 1, one has

mi—£((my)) || mn—f()»(mn)))

Enr(q q

() " 1—zb, M —r: d
_ 9y ?g ?g ( abj yy9u—t ﬂ) 5-7)
Qm/—1)n l_[ —4%i 1_[ l—qubj i AT E ’

mi

where (positively oriented) z;-contours are such that they surround {r ]} ~, and 0, and they are also
g-nested in the sense that z;-contour contains ¢ - (zj-contour) for all i < j; no other poles are taken into
account.

Letus fix 1 < < [ <n, and consider the sum
m qip—i(k(ip)) _ qi,;+l—5(>»(ip+1))
> 1

E<im<im-1<--<ii<lp=1
Sim<im_1 <-<iy <l p - m(eWE)))_([—z(m))—ueo\(e»)‘ 5:8)
q

m

The equality between the two sides of (5-8) is a (nonobvious) special case of Corollary 3.7. More exactly,
choosing Q =¢q, o; =1, |B| =m, and reversing the order of indices of «;’s and §;’s, turns (3-16) into

RCHED quw b () (5-9)
q

Bi,..., ﬂne{Ol}
ﬂl"r +/3n
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Let 1 <kgy <kgn—1 <--- <k <n be the set of index values k for which 8; =1 in (5-9). Observe that

quf()»(j)) — qj+1*€(l(j+1)) qj—e(l(j)) = q?—ﬁ(k(?)) .qj—ﬁ(k(j))—FH(k(?))’ L)) =LA+ 1)),

l—g 0, otherwise,

where “otherwise” refers to the only possible alternative £(A(j)) + 1 =£€(A(j + 1)).

Setn=[—L(\())—t+L€(A(¥)),and let £ < j; < jo <--- < j, <[be all the values of j € [, [) such that
LA(j)) =L((j+1)); equivalently (j+1—€(A(j+1))) —(j —£(A(j)) equals 1 rather than 0. These are
all possible values that summation indices i; > - - - > iy, in the left-hand side of (5-8) can take to produce a
nonzero term; let j;, > --- > j;_ be the corresponding choices. Then matching (ki, ..., kn) =1, ..., w)
establishes the equivalence of (5-8) and (5-9), thus proving (5-8).

Our next step is to compute the averages, with respect to the ascending Hall-Littlewood process, of
both sides of (5-8) using (5-7).

The left-hand side of (5-8) is a simple linear combination of those from (5-7). Moving that linear
combination inside the integrand and observing that

1(ﬁqu—xi_iﬁlqu—y>: Zp l—[qu—zc,-
Zp— ’

=g \;_] Lo ZpTh Zp —lipgtl 5 Zp ki

we obtain

m qip—f(?u(ip)) — qip+l—€(>~(ip+1)))

IEHL( Z 1_[ =g

E<im<im-1<--<ii<l p=1

(%) )
_ q
- €<im<imzl<...<il<[ Qr/—D™ % % 1_[ —qz;
XH(H 1. ]i[qz”_?" dzp>, (5-10)

i e —qub] Zp g1,y Zp—ki

with the same integration contours as in (5-7).

Note that 0 is no longer a potential singularity of the integrand; thus, the contour may or may not
contain it. Let us also explain why the presence or absence of the potential poles at z; = ¢!z ;j does not
affect the value of the integral. Generally speaking, the integral with g-nested contours is equal to the sum
of residues at z, = ¢ %7y, 1 < p <wm, for certain values of k, > 0 and [,, > 1, that arises by sequential
evaluation of residues inside the zm, Zm—1, . . . , Z1-contours in that order. Let p* be the maximal index
such that k,+ > 0. Since the zy,-contour encircles only the poles at r;’s, we must have p* <m — 1. Also,
since this pole must have come from a denominator factor zj» — gz« with j* > p*, due to the maximality
of p*, the pole must be at z,+ = g 'y with 1 <I* < i j+. But the integrand contains the factor (gz,+ —x}),
which will turn the residue into 0 (note that we need the fact that i ,» > i« to guarantee the presence of
this factor). We conclude that the g-nestedness is irrelevant for the value of the integral.

Let us proceed to computing the Hall-Littlewood expectation of the right-hand side of (5-8).
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Using the g-binomial theorem

Z(de)ijz(ClZ.§C])oo=<1_£>_”<l_im) fora=q™,

ij (q’ 51)} (Z, q)oo q q
we obtain
(A) _ (l—qA)(l—qA—l),.-(l—qA—m-H) _ m (q—m;q)j (At :2‘": (_l)jq(A-‘rl)j—mj-i-(é)
m/, (4 Dm = @@ D = @9 m-;

Hence, the right-hand side of (5-8) can be written as

m—j
m(E—L(M(E))) | <[ — M) -+ E()‘(E))) _ - g ) g/ (= E0-ON+m=)E=t®)
m ¢ =@ Pmj

0@ g

where for powers of ¢ we used (3) —mj + j + (J) = (). Employing (5-7), we now obtain

Eyy (q (3) . gmE—Lo®)) | (I — L) —t+ E(W))) )

m

(CI 6])](61 Q)m Jj (271’«/_)'11 qu

an_[qu_?al—[l_[qzr_?bl—ll—[ 1_Zpb de’ (5-11)

p>0a=1 Zp ~la r>jb=1 = p=1j>1 _qu joZp

where the integration contours are as for (5-7).
Since the two of sides of (5-8) are equal, the right-hand sides of (5-10) and (5-11) are also equal. This
is literally the desired statement of Lemma 5.9, equation (5-4), with a speciﬁc choice of

D(z1, .05 2m) = (21) - P (2Zm), ¢(z)—const1_[ 1—qzb (5-12)
and a specific choice of contours for the right-hand side. The equality (of the right-hand sides of (5-10)
and (5-11)) has been thus proven for generic {r;} and {b;}, although certain inequalities on them are
needed to make sure that the weights (5-6) are summable (see [Borodin et al. 2016a, Section 2] for details).
However, the equality itself is an identity of finite sums (of residues), and the restrictions on {x;} and {b;}
can thus be removed by analytic continuation.

The two sides of (5-4) computed as (finite) sums of residues are linear combinations of values of the
function ®(zy, ..., zm) at m-tuples of distinct (because of Hi<j (zj — z;) in the integrand) points from
the list of possible singularities, consisting of {x;}, their g-multiples, and 0. Values of ®(zy, ..., Zm)
with permuted z;’s are equal (due to the symmetry of ®) and can be grouped together; their coefficients
are certain explicit rational functions of {x;} and ¢g. Fix an m-tuple of distinct possible poles. Using the
freedom in the choice of {b;} and the constant prefactor in (5-12), we can make ¢ (z) to be arbitrarily close
to 1 at the points of the chosen m-tuple, and arbitrarily close to O at all the other potential singularities (we
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are assuming that {x;} are generic, we only need to prove an identity between rational functions in them).®
This will lead to ® being close to 1 at the chosen m-tuple and its permutations, and close to O at all
other possible m-tuples. Since we already proved the equality of the two sides of (5-4) for all ®’s of the
form (5-12), this implies the equality of the coefficients of ® evaluated at the chosen m-tuple (together its
permutations) in residue expansions of the two sides of (5-4). This proves (5-4) for arbitrary &, but still
with the particular choice of integration contours in the right-hand side, which are g-nested and include 0.

However, we already know that the declared freedom for the choice of contours is valid for the left-hand
side; see the argument after (5-10). This implies that the values of ® at m-tuples that include either O or
a nontrivial g-multiple of a r; do not contribute to the left-hand side. Since we already know that such
coefficients are the same on both sides, these values must not contribute to the right-hand side either,
which means that we can use the same freedom of contours in the right-hand side without changing the
value of the integral. U

Remark 5.10. Let us comment on the origin of our proof of Lemma 5.9 that might have looked somewhat
cryptic. If, in the setting of Theorem 5.7, u has no zero parts and only one colour, then f}, is colour-blind,
according to (2-29). Theorem 4.7 then implies that it is given by an average of a g-moment type observable
(4-14) over a colour-blind stochastic vertex model. The height function of the colour-blind stochastic
vertex models can be interpreted, along any down-right path in a quadrant (which includes horizontal
lines), as lengths of partitions distributed according to Hall-Littlewood processes; this was the main
result of [Borodin et al. 2016a]. Thus, we get an expression for f, in the form of an average over a
Hall-Littlewood process.

On the other hand, the symmetrization of colours in (2-29) can also be taken after the computation
of the expectation, with respect to a rainbow coloured model, in the left-hand side of (4-15). As was
shown in [Borodin and Wheeler 2018, Chapter 10], the distribution of coloured height functions at a
single observation point can also be described via lengths of partitions in a Hall-Littlewood process, and
this is where the computation of that expectation can take place. Once the corresponding average over the
Hall-Littlewood process is computed, one can perform its colour symmetrization.

The two resulting expressions must be the same - the operations of averaging over our measure and
symmetrizing over colours commute. Understanding the reason for that in the language of the Hall-
Littlewood processes is not too difficult, this is essentially (5-8). Rewriting what it means in terms of
integral representations for averages of Hall-Littlewood observables results in a general identity for
symmetric functions, which is exactly our Lemma 5.9.

6. Observables of stochastic lattice models

The purpose of this section is to combine the results of Sections 4-5 in order to obtain integral repre-
sentations for averages of the observables introduced in Definition 4.5, as well as to explore corollaries
thereof.

8Indeed, ¢ (z) = const -y (x) /¥ (gz) with ¥ being an arbitrary polynomial that can be chosen to approximate any values at
any finite set of points; the constant in front is needed to control ¢ (0).
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6A. The main result. Recalling graphical interpretation of Definition 4.4, we consider a stochastic lattice
model in the quadrant Z-; x Z>;, with vertex weights given by Lffl_‘mh in (2-11) (see also (2-13) and
Table 3) for the vertices in row i from the bottom. The boundary conditions are as follows: No paths
(equivalently, only paths of colour 0) enter the quadrant through its bottom boundary; and along the left
boundary we have a single path entering at every row, with the bottom A; paths having colour 1, next A,
paths having colour 2, and so on. We focus on the state of the model between row n and row n + 1; that
is, we record the locations where the paths of colour 1, 2, ... exit the n-th row upwards as a A-coloured
composition v, where A is the composition with parts A1, A2, ..., and we truncate this sequence so that
|A| = n.” The partial sums of A are denoted as Z 1 Ai =Lk, k >1;£4p:=0.

The model is also allowed to have column inhomogeneities {s;, &;};>1, which replace the (s, x;)
parameters in the L*°"-weight of the vertex in row i and column j by (s i &jxi); see Section 3A. For
convenience, we assume that the number of column inhomogeneities is finite. (For our results this
assumption is not restrictive as the state of the model far enough to the right will not play any role, and
thus, due to stochasticity, the column inhomogeneities there can be chosen freely.)

Also recall the observables O, of Definition 4.5, defined for any A-coloured composition p =
o mom® -, that take values

iz
@ gl H' M (x+1)
@) (V)—l_[l_[q = (x+1)< l m(x) )

x>1i>1 q

H M (x+1) _

HE Dy, H" HF (x+1)—1
(x-‘rl)_q >, Flaot ))(q (x4+1) _ —g i (x+1) ). (q o

— (g™
=111 (q:9),,

x>1i>1

qH;{“(xH)—m,f”H)

(6-1)

given in terms of the coloured height functions (3-5).

For any A-coloured 1, we make a new coloured composition ;=! that consists of its nonzero parts
coloured in the same way with the labelling composition of ;2=! denoted by A=!; see Definition 5.1. Clearly,
given the colouring A of u, w is uniquely reconstructed from p=!. We use the notation m :=n — |[m© |
for the length of u=!, denote by ¢j < - - - < cq the colours of parts of £=!, and denote by my, ..., mg > 1
the number of parts of ,u— of colours cy, ..., ¢y, respectively. Set m[a, b] =m,; +myq1 + - - +my.

We can now state the main result of this paper.

Theorem 6.1. With the above notation, we have

)
Zu>l Zl>/ '4) (ll

Yi—Ji
EO, = f f R/ Anbil
. szl(s @m0 (27T\/ 1m around{x ;! 1<il<_][§m Yji—4qYi
. mg—j +m[1,k—1] [1,k]
y ﬁ(% (—1ig™) ! mi_i ﬁ 1—gxayp ml—[ 1—[ cmyr)
i1 Voo @ @) (5 Dy I —Xxayp 1 —xpy
=1 j= p>m[l,k— la>€e, 1 r>j+m[l,k=1]b>£,,
hyy>1 1 (i —s)dyi
xf*‘°°(/\>,y1 ,---,ym)l_[;, (6-2)

i=1 i

9Without loss of generality, for convenience of notation, we assume incoming paths in rows n and n+ 1 have different colours.
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where (positively oriented) integration contours are chosen to encircle all points {x hy j and no

other singularities of the integrand, or as q-nested closed simple curves with y;-contour containing
Ihn

1~ The contours can also be

g ' (yj-contour) for all i < j, and all of the contours encircling {xj_
chosen to either encircle or not encircle the point 0.
The formula also holds in the column inhomogeneous setting under the assumption that (sy, &;) = (s, 1)

for any x > 1 such that |m™| > 0.

Proof. If the parameters satisfy the inequalities (4-1), then the statement is a substitution of Theorem 5.7
into Theorem 4.7. Observe that O,, is independent of the state of the model to the right of the maximal
coordinate of w. Thus, both sides of (6-2) are actually rational functions in x;’s, and the extra assump-
tion (4-1) can thus be removed by analytic continuation. O

Remark 6.2. The factor ]_[]>1(s q)| |
gular in the finite spin situation s> =¢~/, J=1,2, ..., because the same factor appears in the numerator

in the right-hand side of (6-2) does not make the expression sin-

when one writes f stoch — (gl Suz1 exphc:ltly by takmg the factorization (2-30), where this factor is
manifest, and actlng on it by difference operators (2-31)—(2-32) and colour merging (3-18) as needed.

6B. The colour-blind case. Let us see how Theorem 6.1 works in the colour-blind situation. The
observables then simplify to (4-14), and we obtain:

Corollary 6.3. In the colour-blind case . = (n), with ordered coordinates 0y > ... > 0,, > 1 of u=' and
no column inhomogeneities, we have

E |:(] _ qHV(91+1))(1 _ qu}(@z-H)—l) o (1 _ qHU(Qm-‘rl)—m-i-])]

(=D (=) % f —y; ( ) Ll —gxayp dyp
= — PP (63
(27‘[\/_)’" around{x QYJ l_[ Yp—S l_[ (6-3)

a1 l—xayp Yp
where (positively oriented) integration contours are chosen to encircle all points {xj_l};?: | and no other
singularities of the integrand, and H" (x) =#{i € {1, ...,n}:v; > x}.

/ 1<l<]<m

Remark 6.4. Equation (6-3) is readily seen to coincide with [Borodin and Petrov 2017, Lemma 9.10],
which is essentially equivalent to the integral representation of the most general multipoint moments for
the colourless stochastic vertex model along a single line.

It is not hard to extend this result, with a very similar proof to the one given below, to the column
inhomogeneous case under the condition that (s, ;) = (s, 1) for any x > 1 such that no parts of u are
equal to x. However, [Borodin and Petrov 2018a, Lemma 9.11] gives such an extension to the fully
column inhomogeneous situation. It remains unclear how to achieve this level of generality in the coloured
case.

Remark 6.5. While the freedom in choosing the contours as g-nested is still there (it can be checked
directly as in the proof of Lemma 5.9 or carried over from Theorem 6.1), the contours cannot include
the point 0 anymore, and its inclusion (together with g-nestedness) would actually change the g-shifted
moments in the left-hand side into unshifted moments of [Borodin and Petrov 2017, Theorem 9.8]; see
[Borodin and Petrov 2017, Section 9] for a detailed explanation of that transition.
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Proof of Corollary 6.3. In the colour-blind case A = (n), using (4-11), (2-29) and (4-14), we write (6-2) as

E (1-— qHV(91+1))(1 _ qHV(Qz-H)—l) ce (1= qH”(9m+l)—m+1)
[151@; @mur; o)

N i ! y§y§ =
szl(sz;Q)multj(G) (27’[«/—1)’" around{x._l} - Yji—4qyi

I<i<j<m

m

_ : (mz—/) j m o )
XZ( (=D/q 1—[]—[ qxayp)Fg(yl_l,---,y,Zl)l_[(yl ;)d)’z’ (6-4)

@:0);(q: Dm-j i Vi

with contours around {x;l} and no other singularities. Observe that if the summation index j in the

integrand above takes any value j < m, then the integrand, viewed as a function in y,,, has no singularities

at {x_ 11, and the integral vanishes. Hence, we can set j = m.10

l_[ Vi — Vi =1—[ Yji—Ji _1—[)’1_4)’1'
i Vi T YT L Vi T

Further we write

note that the first factor in the right-hand side is symmetric in y;’s, and the same is true about all other
parts of the integrand. Hence, we can sum over the second factor over all permutations of the y;’s, which
yields (q; ¢)m /(1 —g)™ in the integrand and multiplies the value of the integral by m!.

Finally, from [Borodin and Petrov 2017, Theorem 4.12] we read

21057 Oty 1—q)"
FOT oty = (I 0 Za(l_[ S H(y’ ))

1215 @m0y [T, (1 —sy; ) e, Niej Vi _yj i=1

where the sum is over all permutations o in the symmetric group &, on m symbols, and ¢’s permute the
variables yi, ..., ¥, in the expression that they are applied to. Since the rest of the integrand is symmetric
in the y;’s, we can remove the sum over permutation leaving only the term with o = id, and divide the
integral by m!.

Implementing the above transformation and cancelling common factors yields (6-3). ]

6C. Duality. One convenient feature of the integral representation (6- 2) for EO,, is that the dependence
on values of coordinates of w is concentrated in the factor f,= =1 y1 ...,y 1) of the integrand. This
allows us to easily derive certain difference equations that EQ,, must satisfy. Let us see how this works.
The skew-Cauchy identity (2-35) was stated for the rainbow case but is readily extended to the colour-
merged case with the help of Proposition 3.8 (in fact, this colour merging argument was already used in
the proof of Proposition 4.3 for G,’s replaced by their limits G,’s). In particular, it implies
m
Do a0 DG e (@ X)) = H

w1 is 2= coloured

1—
1_— f)(()“>1 ""9ym)

101¢ is at this moment that we lose the freedom to have 0 inside the contours, as the terms that we remove may have nontrivial
residues at 0; see Remark 6.5.



248 ALEXEI BORODIN AND MICHAEL WHEELER

where »x is an arbitrary A=!-coloured composition, X is a complex parameter. Multiplying both sides
by (—s)* = (—s)*I= M (—s5) | we can also replace f by f*°" and G by G°! in this identity, where
GS‘SCII;X (=s)I7I8G 21, is a stochastic kernel with matrix elements built from stochastic M-
weights (2-12).

Observe that the prefactor is of the form of the exact inverse of the factors in the integrand of (6-2) that
depend on x;’s. Hence, if we compute the expectation [, 10,, along the (n+1)-st row of the stochastic
vertex model, with left entering colour (n 4 1) and rapidity X used in that row, and subsequently sum

och

against the stochastic kernel G5'%5" ((¢ X )~ 1), the result will coincide (subject to certain convergence

>I/

conditions that we are ignoring here) with the expectation of £,0,, computed along the n-th row:
Y En10,- G (@X)7) = E, O (6-5)
n=!

As the transition from row n to row n + 1 is also realized by a stochastic kernel, we observe a duality
of the action of two stochastic operators on the duality functional O,,.

Of course, the above arguments only verify the duality relation (6-5) for a specific class of distributions
on row n. However, this class is sufficiently general (n > m and parameters x, . .., x,, are arbitrary), and
it is quite plausible that the duality relation will hold for generic distributions on coloured compositions
,uzl on the n-th row, and also for the n-th row being the whole lattice Z, rather than Z-; with a path
entering from the left.

It would be very interesting to see an independent verification of (6-5), possibly by a reduction to
duality functional constructed in [Kuan 2018]. Given that spectral decomposition of stochastic kernels
G*°" are known (see [Borodin and Wheeler 2018, Section 9.5]) this would likely lead to an alternative
proof of Theorem 6.1, apart from other possible applications.

For a colour-blind version of the above discussion see [Borodin and Petrov 2017, Section 8.5] and
[Borodin and Petrov 2018a, Section 8.5].

6D. The rainbow case. Let us now focus on the rainbow sector, with the labelling composition A being

(1,1,...,1). The simplification of the observables O, in this case was given in (4-13), and this leads
us to:
Corollary 6.6. In the notation of Section 6A, assume that A = (1, 1, ..., 1). Then
. q HYP (1) _ PLEROERY
—1

i |
_ am ) fod ¥ =3
szl(s2§ Dimi) 2A/—1)" incl.{x} Yi—qYi

}1<l<]<m

Y Xe; 1 1—qxiy;
X o oy ,...,ym)l_[( ’y] —T1] l—x,-ij dyj), (6-6)

1—x..
j=1 L/yj i>cj

where (positively oriented) integration contours are chosen to encircle all points {xj_l};?zl and no
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other singularities of the integrand, or as q-nested closed simple curves with yj-contour containing
-1 - (yj-contour) for all i < j, and all of the contours encircling {x J I
The formula also holds in the column inhomogeneous setting under the assumption that (sy, ;) = (s, 1)

for any x > 1 such that |m™| > 0.

Proof. This can be obtained by either a direct substitution A = (1, ..., 1) into Theorem 6.1, or a substitution
of Proposition 5.2 into the rainbow case of Theorem 4.7. O
Remark 6.7. Denote the parts of u=t by (01, ..., 0,), where 6, carries the smallest colour ¢ of those

represented in /F], 6, carries the next smallest colour ¢, etc. Then in the antidominant case, when
<6, <...<6,, flj“’Ch(yl_ L Ym 1) in the integrand of (6-6) completely factorizes — and hence so
does the whole integrand — as (in the column homogeneous case)

f;?ﬁh(Yfl,...,yml)—l_[(S Q)|m</)|l_[ H(l_syl) ; (6-7)

=1 Yi—S§

see (2-30), (3-2), and Remark 5.4. In this case there is also another path to (6-6). Namely, using the shift
invariance property established in [Borodin et al. 2019], one can rewrite the left-hand side of (6-6) in
terms of an average for a combination of g-moments of the height function for a colour-blind vertex on a
quadrant taken at points along a down-right path in the quadrant. In their turn, such moments possess
explicit integral representations, see [Borodin et al. 2016a] for details. See also Remark 7.10 below for a
related observation.

Remark 6.8. The identity (6-6) admits two colour-position symmetries, one for each side.

For the left-hand side, [Borodin and Bufetov 2019, Theorem 7.3] shows that the joint distributions
of the coloured height functions of the (rainbow) coloured stochastic vertex model along boundaries of
a certain class of down-right domains are symmetric with respect to rotations of the domains by 180
degrees that also swap the roles of colour and position of the entering/exiting paths. In our case, the
domain is the rectangle, and the application of this symmetry will swap colours and positions in the
observables, as well as the roles of rows and columns. This will give integral formulas for averages of the
new observables, as well as indicate that those observables are also likely to be duality functionals for the
same reasons as those in Section 6C.

For the right-hand side, if we represent ijIOCh as a result of a sequence of applications of the difference
operators 7T; given by (2-31)—(2-32) to a factorized expression of the type (6-7), then we can use self-
adjointness of the T;’s with respect to the integral scalar product with weight [, _ i =Y/ (i —ay))
(see [Borodin and Wheeler 2018, Proposition 8.1.3]) to move the application of the 7;’s to the fully
factorized part of the integrand. Treating that part as an analogue of (2-30), or rather of (3-2), at the

specific value of s = ¢~!'/2

, we will see a new f-like function appearing in the integrand, that will
utilize suitably permuted colours ¢y, .. ., ¢, for its coordinates, and horizontal rapidities xy, ..., x, as its
inhomogeneities. Thus, we will see a similar formula with positions and colours, as well as rows and

columns, swapped.
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It would be interesting to see if applying both symmetries, at least in the case s = ¢ ~!/2, returns one to
the original formula, but we will not pursue that here.

6E. Fusion. The goal of this section is to fuse rows of the stochastic vertex model from Section 6A and
to see what Theorem 6.1 turns into in that situation.

First, one can fuse finitely many rows, which in terms of individual vertices corresponds to the outer
sum in (2-10) (one can think of the inner sum in that relation as already performed, with our spin
parameter s being ¢ ~™/?). This starts by replacing a single row of colour ¢ with rapidity x by L > 1 rows
of the same colour ¢ and rapidities forming a finite geometric progression x, . .., ¢~ 'x. Since our left
boundary condition in these L rows consists of all incoming edges occupied by paths of the same colour,
no summation along that boundary is necessary. Hence, the L rows of vertices with L3°"-weights can be
collapsed into a single row with the weight of a vertex in that row and column j being

-1 ..
Wim(s; §jx; g; *)lq—M:S?,

where (s, ;) are the column inhomogeneities as in Section 3A, and the appearance of sj_1 in front of
&jx; is due to the argument x /s in the expression (2-11) of LS _weights in terms of W-weights.

The right-hand side of (6-2) also behaves well with respect to such fusion. More exactly, it leads to a
simple replacement of all factors of the form (1 — gxy)/(1 — xyx), for various k and x = x, being the
rapidity of the fused row, by

L—gqxye 1=¢’xy  1—gtay _ 1-g'ay

. — 6-8
I—xyr 1—gqxy 1 —qg = xy 1 —xyx (6-8)

Thus, the right-hand side can be immediately analytically continued in g". It is not clear, however, what
that would mean on the side of the stochastic vertex model as the left boundary condition in the fused
row consists of L paths.

To remedy this situation, we will perform a special limit transition with vertical inhomogeneity in
column 1; this is parallel to what was done in [Borodin et al. 2019, Section 6]. More exactly, we will rely
on the limiting relation (2-17). According to the left-hand side of that relation, we will take &, = ¢ /s
to turn the weight in the first column of the fused row into WL,M(sl_zg“x; q; *)| g-M=s2> and then take the
limit s; — 0. Here z is an additional parameter that remains finite in the limit s; — O; it regulates the
strength of the left boundary. As we are about to make the rest of the model homogeneous, let us also set
¢ to s, as this value will make the first column “blend in” with the other ones. Thus, our limit results, by
virtue of (2-17), a random number of paths of colour ¢ passing horizontally from column 1 to column 2
in the fused row, with the distribution of this random number given by

L,.. —L.
Prob{k} — (5g7x:9)o00 (@75 @k (sq )k, k>0,

X Do (@5 Pk

Note that for L € Z> 1, this distribution is supported by {0, 1, ..., L}, as it should be, as an L-fused row
cannot carry more than L paths. But this distribution is also suitable for analytic continuation in g%, which
we will use momentarily.
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Let us now discuss vertices in the fused row and other columns. Their weights WL,M(sj_lé X5 q; %)
are given by the right-hand side of (2-6), which is explicit but rather complicated. We will consider a
simpler situation instead, governed by the g-Hahn specialization of Section 2B. Hence, we will specialize
(x,s,&;)— (s, s, 1) to turn the weights into more tangible expressions as in the right-hand side of (2-16).

Finally, rather than performing fusion for a particular row of colour ¢ as we have done above (replacing
it by L columns first and then fusing them together), let us do it for every row of the stochastic vertex
model of Section 6A.

Gathering all the pieces together, we obtain a stochastic vertex model in the quadrant Z>; x Z>,
depending on three parameters g, s(= g ™M/2), and z(= g~/?) satisfying |q|, |s|, |z|, |s/z] < 1, defined
as follows:

» Along the boundary of the quadrant, no paths enter the quadrant through its bottom boundary; and
along the left boundary we have a random number of paths entering at every row, with the bottom
A1 rows hosting entering paths of colour 1, next A, rows hosting paths of colour 2, and so on; the
sequence {A;};>; of nonnegative integers is given. As before, the partial sums of A are denoted
as Zle Ai =L, k> 1; £y :=0. The distribution of the number of paths that enter in any row is
given by

Prob{k} =

(6-9)

52/ oo (&1 9 (f)k L=0
% Do (@ Qi \2%2) -

» The vertex weights for the model are given by

c 2N\ 1Dl (.2/.2. 2. A
Weights’z (B D) — <S_2> (s /Z ’ q)l;‘lel(Z 4 q)‘Dl qu<j Di(Aj—Dj) 1_[ ( l ) . (6_10)
A < (575 9))a] =1 A; — D; q

This model is more general than the one in Section 6A in the sense that it can carry any number of
paths along any edges, not just the vertical ones. However, it is less general in that there are no remaining

row and column inhomogeneities.'!

As before, we focus on the paths that cross upwards from row n to row n + 1 for some n > 1.12
Encoding colours and horizontal positions of these crossings by a coloured composition v, we can define
observables O, on the set of possible v’s by the same formula (6-1), where u = om?3mY s an
arbitrary coloured composition with no parts smaller than 2; this is what used to be =!. Let us use
the familiar notation m = £(u) for the length of u, ¢; <--- < ¢4 for the colours represented in w, and
my, ..., My > 1 for the number of parts of x of colours ¢y, ..., ¢y, respectively. Finally, let colour(i)
be the composition that encodes the colouring of w, and let . — 1" denote the composition obtained from

u by subtracting 1 from each part.

HTn fact, we could have left s and z parameters column and row dependent, respectively, but chose not to do so for the sake
of simplicity. On the other hand, we could not have left row and column rapidities x and &, generic and still had the same
factorized form of the weights.

128ince rows above n do not matter to us, we assume, as in Section 6A, that colours of left-entering arrows in rows n and
n + 1 are different.
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Corollary 6.9. With the above notation for the fused stochastic vertex model, we have

(W) (1)
qzuzz Zi>_i mm; (_S)m

[1j226% @ mor) @r/=T)m
xf?{ [ 22

EO, =

I<i<j<m yj 4V
m j+m[1,k—1] —bo - 1.k e
H(Z (=1)ig("y n ml—[ (I—Z_zsyp>n u ml[—[] (1_5—_25”)’1 &,k)
(q; Q)j(‘Ia Q)mk—j pemlLk—1] l—syp r>j+m[l,k—1] =5y
dy
xfs“) (colour(u); yl RN )1_[ y (6-11)

where the integration contours are either positively oriented and q-nested around s~ with y;-contour
containing g~ - (yj-contour) for all i < j, or negatively oriented and q-nested around s, with y j-contour
containing q - (y; — contour) for all i < j. The point O can be either inside or outside the contours in
either case.

Proof. The starting point is Theorem 6.1 with y from (6-11) being 1= there.

The first step is to turn each row of the quadrant into L rows of the same colour, and fuse them as was
described above. This does not affect the integral representation much, except for the change described
around (6-8).

The next step is the limit transition in column 1 described above. To see how it affects the factor
f St"Ch(y I A 1, recall the partltlon function definition (2-23) (and its coloured modification (2-41))
of the f’s. Since all parts of 4=! are assumed to be at least 2, the first column contains only vertices of

the form
0

that have L*°"-weights

(DG} =50 (=)@ —siy) _ (=sD(s/s1—s1y) _ sy —s
l—slélyj_l yj — 5181 yj—s yj—s '

1<j<m,

where we used the value & = s/s; as above. The limit s; — 0 of this expression is —s/(y; —s), and the
product over all 1 < j <m gives (—s)" ]_[;-":1 yj— s)~'. Adding that to the integrand of (6-2) yields
the integrand of (6-11), together with the replacement =!' — 11 — 1" in the index of ", where the
subtraction of 1 is responsible for removing a column from the partition function representation of fsch
that we just performed.

Let us now look at the contours. For the application of Theorem 6.1 we could choose them to g-nest
around {x;, gx;, ..., qL_lxi =1s.qs,..., qL_ls} and either contain O or not. (We could not choose
them to encircle {x;, gx;, ..., qL_]xi}l'.’:1 and no other singularities as this choice of horizontal rapidities
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forces the inclusion of at least some singularities of [, _ j(y = gyi)~! into the contours.) Since the
integrand is manifestly nonsingular at gs, ..., g"~'s, we can remove the condition of encircling those
points. As the integrand is readily seen to not have poles at y, = co, we can also move the contours
through oo and have them g-nest around the only other singularity, which is at s (again, O can be either
inside or outside).

Thus, we have now proved (6-11) for L =1, 2, ..., and the final step consists in analytic continuation
in g~ = 772 from the set of points {g, g%, ¢°, ...} accumulating at 0. This, however, is straightforward:
The only dependence on z of the right-hand side is through factors (1 — z72y,), and the left-hand
side is readily seen to be given by uniformly convergent series with rational terms at least as long as
lq1, Is|, |sz~!| < const < 1. O

7. Limit to polymers

The goal of this section is to explore the consequences of Corollary 6.9 for a few models of directed
polymers in (1+1) dimensions. The exposition of the limit transitions from fused coloured stochastic
models to directed polymers follows [Borodin et al. 2019, Section 7].

7A. Continuum stochastic vertex model. Let us start by introducing a vertex model that will serve as a
limiting object for the fused vertex model of Section 6E described by weights (6-9)—(6-10).

As in the fused case, the vertices of the continuum model will be parametrized by points of a quadrant,
and to keep the notation parallel to that of Section 6E, we will use the quadrant Z>, x Z>;.

Each vertex will have a certain mass of each colour > 1 entering from the bottom and from the left,
and exiting through the top and to the right. The mass is a real number in [0, 0c0), and for each vertex
the total number of colours that have nonzero mass entering the vertex will always be finite. The mass
of each colour passing through a vertex will always be preserved — the sum of incoming mass from the
bottom and from the left must be equal to the sum of exiting mass to the right and through the top.

Let us denote the masses of colours 1, 2, . . . entering through the bottom of a vertex by & = (a1, 3, . . .),
entering from the left by 8 = (81, B, . .. ), exiting through the top by ¥y = (y1, 2, ... ), and exiting to
the right by § = (1, &2, . . .), respectively. The mass preservation means

loe| + B =[y|+1d].

The notation is chosen to be in parallel with (A, B; C, D) notation for the vertex models, as in (2-1).
Recall that a random variable with values in (0, 1) is said to be Beta-distributed with parameters
a, b > 0 if it has a density, with respect to the Lebesgue measure, given by
['(a+b)
I'(@T'(b)

Given the coloured masses &, § entering a vertex of our continuum vertex model, the coloured

X711 =x)P 1, 0<x<l. (7-1)

masses y, 8 exiting the vertex are random and determined as follows. The procedure has two parameters
a, b > 0, as in the Beta-distribution (7-1). If all coordinates & are zero, i.e., &« = 0, then we set y = 8 and
6=0.If ¢ #0, let n > 1 be the maximal natural number such that «,, # 0, and let ¢ be an (a, b)-Beta
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distributed random variable. Then we set 8,41, 8,42, . .. to 0 and define §,, §,,—1, ..., §; recursively via

& = —log(e™ ™ + ¢ (1 —e™*),
8n71 +6n : _ log(e—an—l—an + é—(l _ e—Oln—]—Oln))’ (7_2)

51 + ... +6n—1 +8n [ log(efal—...fanflfan + {(1 . efmf-..fan,lfan))‘

One can show that this implies 0 < §; < «; for I < j <n. Finally, we set y = B + (a — §), thus enforcing
mass conservation.

In addition to defining what happens at the vertices of the quadrant, we need to specify boundary
conditions. As before, we will assume that no mass enters the quadrant from the bottom, i.e., & = 0 for
all vertices in the bottom row. On the other hand, along the left boundary we will assume that for the
left-most vertex in row i, the left-entering coloured mass B has all but one coordinates equal to 0, with
the exception of the i-th one, which is (a, b)-Beta distributed.

As usual, we think of the randomness as having no space dependency, which means that the Beta-
distributed random variables at different vertices, as well as those used to define the left boundary
condition, are independent.

The following statement was proved in [Borodin et al. 2019, Corollary 6.22].

Proposition 7.1. Consider the fused coloured vertex model defined around (6-9)-(6-10) and set
g=exp(—e), s°=¢q°, Z=4q", (7-3)

for some o > p > 0 and € > 0. Then as € — 0, the fused coloured vertex models scaled by € converges
to the continuum vertex model defined above with parameters (a, b) = (o — p, p), in the sense that any
finite collection of numbers of paths of arbitrary fixed colours entering/exiting any fixed set of vertices in
fixed directions, when multiplied by €, weakly converges to the collection of corresponding colour masses
entering/exiting the corresponding vertices of the continuum model.

This immediately implies the convergence of the averages of the observables from Corollary 6.9 as
well, but we will postpone the limiting statement until we reformulate the continuum vertex model as a
directed random polymer in the next section.

7B. Random Beta-polymer. The Beta-polymer was first introduced in [Barraquand and Corwin 2017].
In order to define it, let {1, ,}; m>1 be a family of independent identically Beta-distributed random
variables with parameters a, b > 0; see (7-1). The partition function 3, , of the Beta-polymer, with
(t,m) € Z>o X Z>1 and t > m — 1, is determined by the recurrence relation

3t,m = nt,mSI—l,m + (1 - nt,m)St—l,m—l

and boundary conditions

31 =1, 31 =n11m21 N

Pictorially, 3, ,, is a sum over all directed lattice paths with (0, 1) and (1, 1) steps that join (0, 1) and (¢, m),
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of products of edge weights that all have the form 5, or 1 — n,; see [Barraquand and Corwin 2017;
Borodin et al. 2019].
We also define delayed partition functions B(k) k>1, t > m+k—1, by the same recurrence relation

t,m>
(k) (k)

k
=, m3[ 1,m + (1 - 771f‘,’71)3t(—)1,m—1’

where we are using the same family of random variable {n; ,,}; m>1 to evaluate the coefficients, and shifted
boundary conditions

k k
Bz(z) k+2— 35,1)277k,17]k+1,1"'77z,1.

Clearly, ;1,31 = ;k,i, and for any k > 1, 3,(k,),, can be interpreted graphically in a similar way to 3, ,,, but

with paths joining (k — 1, 1) and (¢, m).

As was shown in [Borodin et al. 2019, Section 7.1], there is a way to identify the continuum vertex
model of Section 7A and the family of Beta-polymer partition functions {B(k) }. In order to see the
equivalence, let us introduce the coloured height functions {h(zk) (x,y) | x =2;y, k> 1} that count the
total mass of colours > k that exit vertices (x, 1), (x, 2), ..., (x, y), either upward or rightward, in the
continuum model. Then one has the identification

—10g3%) =nEm+ 1,0,  tmk=1 t=m+k—1 (7-4)

For ¢, m, k > 1 that do not satisfy the inequality ¢ > m + k — 1, the right-hand side of (7-4) is readily seen
to vanish, and we set S(k) to 1 for these values as well; then (7-4) holds for any ¢, m, k > 1.

Together with Proposition 7.1, this allows us to obtain a limiting version of Corollary 6.9 for the
Beta-polymer. But in order to take the corresponding limit of the integral representation, we need to
introduce limiting versions of the rational functions f,.

Lemma 7.2. Take g = exp(—¢), and s2 = q° (as in (7-3)), and fix a A-coloured composition p =

O 1 1D A @ . . . . o
oM 1™ 2m ... of length m > 1, where A is a composition of weight |\| = m. Then there exists a limit

Sus T+euy, ..., 1+€uy)

Fu(hsur, ... uy) = lime™ (7-5)
® " e—0 szo(sz; q)|m<.;>|
where the convergence is uniform for complex uy, . .., u, varying in compact sets that do not include o /2,
and the rational function f,(A; u1, ..., uy) can be characterized as follows.
(1) For a rainbow w, i.e., for A = (1, ..., 1), in the antidominant sector ;1| < s <... < W, one has
(omitting X from the notation)
m .
1 o/24u; \"
UL, ..., Up) = , 7-6
na ) Ea/z_ui<a/2_ui (7-6)
and in the case ; < iy for some 1 <i <m — 1, one has
3:i'f;/v(ulv---»Mm)=f(;11 ..... Wit 1o i sees um)(ulv---»”m)a
ui—ui+1+1
T=l-—H T (1_s), l<i<m-—1, (7-7)
Ui —Ujt1

with elementary transpositions s; - h(uy, ..., upy) :=hy, ..., Uiy, Ui, ..., Up); See (2-31)—(2-32).
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(i) For a general labelling composition A, let 6 : {1,...,m} — {1, ..., n} be a monotone map (as in
Section 3C) with 0,.((1, ...,1)) = A. Then

> folitt, ooy ttm) = 5Ottty ooy ). (7-8)

rainbow v : 0, (V)=

Proof. This limit is an immediate consequence of the recursive definition (2-30)—(2-32) of Section 2E
and (3-18) of Proposition 3.8. O

We are now ready to take a ¢ — 1 limit in Corollary 6.9.

Proposition 7.3. Fix o > p > 0, and consider the partition functions S(k) of the Beta-polymer as defined
above with the parameters of (7-1) given by (a, b) = (o — p, p). Let © = 2m@3m® be g coloured

composition with no parts smaller than 2, m = €(j1) be the length of i, ¢; < --- < ¢y be the colours
represented in |, and my, ..., my > 1 be the number of parts of i of colours cy, ..., cy, respectively.
Also, let colour(u) be the composition that encodes the colouring of . Then for any t > max{i : mlgx) > 0}
we have
G+ 5@ \m®
Bix —3)™
E 1_[ l_[ (x)'
x>1i>1 i
(el 7g 7g I
Qr+/—1)m L<ivj<m Uj—u; +l
+m[1,k—1] e 1.k .
Xlﬁ[(i ( 1)] J ml_l (o*/Z—u,,—p)t cr+1 ml[_[] <O’/2—Mr—,0>t ck)
Ny — 7)! — _
H(my J) >m[1,k—1] o/2=up r>j4m[l k—1] o/2=ur
m
Xfu—1m(colour(u); —ui, ..., —ly) Hdu,-, (7-9)

with the integration contours either positively oriented and nested around o /2 with u;-contour containing
(uj-contour)+1 for all i < j, or negatively oriented and nested around —o /2, with u j-contour containing
(u;-contour) — 1 forall i < j.

Proof. We start with (6-11) and (A1, A2,...) = (1, 1,...); equivalently, £; = j. Let us make the
substitution (7-3) and look at the asymptotics of both sides.
On the left-hand side we have averages of the observables O, given by (6-1). The denominators are

(x) .
—m; ml(x)! as € — 0. For the numerators, according

deterministic and asymptotically give (g; q)f(lx) ~€
to Proposition 7.1, we obtain, along row tn; n, e_lHii(x +1) > hED(x +1,1), and, changing v
to v/u with e-independent e_ng{” x+1)— h(zk)_(x + 1, ¢t) weakly as € — 0, where & denotes
the coloured height functions of the B_eta—polymer. Using (7-4) and the fact that all the observables are
bounded, we see that EO,, is asymptotically equivalent to € ™" times the left-hand side of (7-9).

For the right-hand side of (6-11), we change the variables y; = 1 4 €u;, use Lemma 7.2, and also

(@5 97 (@ Dy~ €™ 1 (e = I
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The powers of € from the g-symbols on both sides cancel out, the powers of € from the changes of
variables and f — § limit also cancel out, and the prefactor (—s)™ in the right-hand side of (6-11) together
with (—s)!“I="" required to convert f3'¢%, to f,—1» give (—=1)/*! in the limit. This concludes the proof. [J

7C. Strict-weak polymer. The strict-weak or gamma polymer was first introduced in [Corwin et al. 2015]
and [O’Connell and Ortmann 2015]. Its partition functions are determined by a very similar recurrence as
those for the Beta-polymer. Namely, let us define Z,(k,zl for (t,m, k) e ZsoxZ>1 xZ>1, t >m+k—1, by

+zY

t—1,m—1

k k
Zt(,n)1 = nt,mZ( )

t—1,m

with boundary conditions

(k) — (k)
Zt,t—k+2= 15 Zt,l :77k,177k+1,1 "'77t,1,

where {n; m}:.m>1 1s a family of independent identically distributed random variables with a Gamma
distribution that has density

x*~Lexp(—x), x>0,

I'(k)
with respect to the Lebesgue measure. Here « > 0 is a parameter.

The strict-weak polymer is a limiting instance of the Beta-polymer of Section 7B, because a Beta-
distributed random variable with density (7-1) and parameters (a, b) = (k, e~ 1), when multiplied by e !,
converges to a Gamma-distributed random variable with parameter « as € — 0, both in distribution and
with all moments.

In order to argue the convergence of the partition functions and their moments, we will appeal to the

following:

Lemma 7.4. Let {X,},>1 and {Y,}u>1 be two sequences of nonnegative random variables such that
{(Xn, Yu)}lu>1 weakly converges to a two-dimensional random variable (X, Y) with finite moments and a
continuous joint distribution function.'> Furthermore, assume that coordinate moments converge:

lim EXX = EXF, lim EY¥ =Ev*,  k>1.
n—oo

n—oo

Then the joint moments also converge:

lim E(X}Y)) =E(X*Y!), k,l>1.

n—oo

Proof. Fix C > 0 and write
E(XEYh =E(xty! - 1{X, <C,Y, <CH +EX:Y] - 1{X, > Cor ¥, > C}),

where we use 1{A} to denote the indicator function of an event A. In the first term, we have a bounded
functional under the expectation, which converges to E(X kyl 1{X <C,Y <C}) by the distributional
convergence of (X, Y,,). (If the distribution of (X, Y) were not continuous, we would have needed to
choose C as its continuity point.)

13 This requirement of continuity can be easily removed by an extra step in the proof.
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Further, let us show that the second term converges to 0 as C — oo uniformly in n. We have

E(X, Y, 1{X, > Cor ¥, = C}) <E(X,Y, - (X,/C +Y,/C)) = C'EX} Yy - (X + V)
< 2C_1(|EX§+I+1 + [EYr/lC-H—Fl)’

where we used the inequality x%y? < x¢*? 4 y+? that holds for x, y, a, b > 0. Since the moments of X,
and Y, are bounded (because they converge by the hypothesis), the final expression tends to 0 as C — o0
uniformly in n.

As lime_, o E(X*Y! - 1{X < C, Y < C}) = E(X¥Y!), the proof is complete.'* O

Lemma 7.4 implies, in particular, that by choosing (o —p, p) = (k, € '), we can ensure the convergence

m+k—1-2 S(k) — Z(k)

lim € t.m f.mo t>m+k—2,

e—0
together with all the joint moments. This will allow us to take such a limit in Proposition 7.3 momentarily,

after the following analogue of Lemma 7.2.

Lemma 7.5. Fix a A-coloured composition 1 = om® mVom® of length m > 1, where A is a composi-
tion of weight || = m. Then there exists a limit

PuCi v ) = dim (=D, Gl o /2 r L 0/2 4+ ) (7-10)
o
where the convergence is uniform for complex vy, . .., v, varying in compact sets that do not include 0,
and the function p,,(A; u1, ..., uy) is a polynomial in vfl, R v,;l that can be characterized as follows.
(1) For a rainbow ., in the antidominant sector (t; < y < ... < [y, one has (omitting A from the
notation)
m
—pi—1
pui, o) =] Jor " (7-11)

i=1

and in the case ; < lit1 for some 1 <i <m — 1 one uses the exchange relations (7-7) with (p, vy)
instead of (f, u4).

(ii) For a general labelling composition \, let 0 : {1,...,m} — {1, ..., n} be a monotone map with
0.((1,...,1) =X Then
Yo pGun ) =puiun, ). (7-12)
rainbow v : 0, (v)=pn
The proof of this lemma is straightforward.
Proposition 7.6. Fix k > 0, and consider the partition functions Z,“‘,}, of the strict-weak polymer as
defined above with « being the parameter of the Gamma distribution. Let 1 and the associated notation

14We are very grateful to Vadim Gorin for providing this argument.
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be as in Proposition 7.3. Then for any t > m 4+ max{i : ml(.x) > 0} — 1, we have

v (7D Cyu
[El_[l_[ EX)! (27.[\/_)m¢ f l_[ —vl—l

lel 1 ]<1<J<m

o m[1,k]

K +v,) 7% "
X 1_[ 1_[ # “Pu—1m(colour(); vi, ..., vy) Hdvi, (7-13)

my!
k=1 r>m[1,k—1] k

where the integration contours are positively oriented and nested around 0, with v j-contour containing
(vi-contour) + 1 foralli < j.

Proof. We start with (7-9), set ¢ — p to «, change the integration variables via u; = —v; — o/2, and
take the limit. Since 3;’; ~ 0x+"_t_2Zt(f))€ and 32;1) ~ ¥t 1Zt(l;, the second term dommates and

employing Lemma 7.4, we obtain the convergence of the left-hand side of (7-9) to that of (7-13), with an
additional power of ¢ that has exponent

o
YomPi—r—D=|ul+ Y come— (1t + m.
ix>1 k=1
On the other hand, in the integrand we have factors of the form o /2 — u, = 0 + v, ~ o in the denominator,
that make the terms with j = 0 dominate and produce the power of o with the exponent

o o
ka(ck —1) = chmk —1tm.
k=1 k=1

Finally, the limit relation (7-10) yields the power of o with the exponent || — m, thus matching the
powers of o on both sides. All the signs cancel out, where we note that we used the second choice of the
contours in Proposition 7.3 and changed the negative orientation to the positive one for (7-13). ]

7D. O’Connell-Yor semidiscrete Brownian polymer. This model was first introduced in [O’Connell
and Yor 2001]. It is defined using a family {B,(¢)},>1.>0 of independent standard Brownian motions.
For each n > 1 and ¢ > s > 0 we define its point-to-point partition function (with one of the points situated
on level 1) as

n
Z8 o = / CXP(Z(BL'(T[) —B; (Ti—l))>dfl cd Ty (7-14)
S=TO<Tp < <Tp=t i1

The classical functional central limit theorem and the fact that a Gamma-distributed random variable
with large parameter L divided by L is approximately equal to 1 plus a standard normal variable divided
by VL, yield the convergence (see [Borodin et al. 2019, Section 7.3])

1
L Zin =1

Jim = =exp(F) 20y 12520, nx=1, (7-15)

where on the left we take the strict-weak polymer partition functions from the previous section with the
parameter x = L, and the convergence is in finite-dimensional distributions.
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Proposition 7.7. Let u and the associate notation be as in Proposition 7.3, and fix 0 < 51 < - -+ < $q.
Then for any t > so we have

(x)
, :

(exp(*7) - Z85 o)™
[El_[l_[ (x): .
x>1i>1 i
e d T
(271 nm

1<z<j<m

*exp((t —si) - Z'r“[] k] v "
xl_[ mk!>m[1k 1 r)-pﬂ_lm(colour(,u);vl,...,vm)l_[dvi, (7-16)

k=1 i=1

where the integration contours are positively oriented and nested around 0, with v j-contour containing
(vi-contour) + 1 foralli < j.

Proof. Let us take the limit L — oo of (7-13) with ¥k = L and the coloured composition u replaced
by /ﬂ“ that has exactly the same parts, but the colours of those parts are [s;L], ..., [soL] instead of
c1, ..., Cq, respectively.

Let us look at the left-hand side first. The weak joint convergence of the random variables

Z([Y:L]+1)( — L)

. Lt,x i— oY
ngfgo LAL—TsiL] = exp(*37) - Z {1 s— )

for various i and x follows from the central limit theorem, as was mentioned above, and the convergence
of moments of these random variables follows from the corresponding convergence of their integral
representations; see [Corwin et al. 2015, Theorem 5.3] for moments of the left-hand side, and [Borodin
and Corwin 2014, Proposition 5.2.8] for the moments of the right-hand side.'> Lemma 7.4 then shows
that the left-hand side of (7-13) divided by the power of L with exponent

o
> mPGL—IsiL]) =) my(rL —[seL])
ix>1 k=1
converges to that of (7-16).
On the other hand, for the right-hand side the convergence of the L-dependent factors in the integrand
is elementary:
(L + Ur)tL—[skL]

nglgo BTy R exp((f — sp)vy),
uniformly for bounded v,’s, which leads to the right-hand side of (7-16). ]

7E. Continuum Brownian polymer. One way to define partition functions of the continuum Brown-
ian polymer in (141)-dimensions is through solving the stochastic heat equation with multiplicative

15That convergence is, in fact, a special case of the one we are about to observe for single-coloured (.
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two-dimensional white noise. More exactly, let Z)(¢, x) be the unique solution of the following stochastic
partial differential equation with the initial condition

M =1z0 000,029, 150, xeR  ZD0,x) =8k —y),

where n=n(t, x) is the two-dimensional white noise. We refer to the survey [Quastel 2012] and references
therein for an extensive literature on this equation and its close relation to continuum Brownian path
integrals and the Kardar—Parisi—Zhang equation.

The solutions Z% (¢, x) arise naturally as limits of the partition functions of the semidiscrete Brownian
polymer from the previous section:

y=tvLY . »0Y
. exp( 2 ) Z(l,y)ﬁ(thX\/Z,t«/z) :Z(y)(l x) (7_17)
L—o00 exp(tL) - LG&VL—tL)/2 e

This was essentially verified on the level of convergence of integral representations for moments in
[Borodin and Corwin 2014], and a complete proof for convergence of finite-dimensional distributions
and moments with varying x was given in [Nica 2016] (in different scalings). It is very likely that the
methods of [Nica 2016] are sufficient to achieve the same result for varying y as well; we will not address
that here but rather focus on convergence of integral representations for joint moments instead. We need
to start with an appropriate analogue of Lemmas 7.2 and 7.5.

© @) 2
m™  mom'S

Lemma 7.8. Take a A-coloured composition 1 = 0 - of length m > 1, where X\ is a

composition of weight |\| = m, and assume that
I7x =l‘L—Ki\/Z+0(\/Z) asL — o0, 1<i<m,

for a fixed m-tuple of reals k = (k1, ..., ky) and t > 0. Then there exists a limit

llm et\/z(w1+---+wm) . p/L*lm (ﬁ+ wl, ey \/Z'i‘ wm) _ e%(wlz++w3n) e (}\’ w w ) (7_18)
L—oo L—(H1+"'+Mm)/2 - k\Ay W1y ooy Wiy ),
uniformly for bounded w;’s, where the function ¢, (w1, ..., w,) can be characterized as follows.

(i) For a rainbow ., in the dominant sector k1 > k» > ... > Kk, one has (omitting )\ from the notation)
ep(wr, ..., wy) =expkiwy + - -+ KpWp), (7-19)

and in the case ki > ki1 for some 1 <i <m — 1 one uses the exchange relations (7-7) with (¢, w,)

instead of (f, u).

(ii) For a general labelling composition \, let 0 : {1,...,m} — {1, ..., n} be a monotone map with
0.((1,..., 1)) =A. Then

> e (Wi, vy W) = e (A Wi, ..oy W) (7-20)

rainbow k’ : O, (k)=
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Proof. It suffices to check the convergence for rainbow antidominant p’s, as the other cases follow from
that one by finite linear combinations (note that w;’s are shifted but not scaled in the left-hand side
of (7-18)). Then we need to prove that

VL@t (ST )L (VT A wy ) _ e%(w%+...+w2)

m’ . o

lim K1w1+"'+l(mwm‘

As the relation splits into a product over w;’s, it suffices to consider the case of a single variable. We have

—u1 log(WL +wy) = —puy (log«/_—|- (T — i +o(L™ )))

1 L
a °2g( )—<tL—x1~/_+o<f>><7—Z+o<L 1))

2
tw
=log L—H/2 t\/Zwl +Kkiwp + Tl +o(1),
as required. (I

We can now make a limiting statement for the moments of Z O, x).

Proposition 7.9. Let k = («1, ..., km) be a coloured composition of length m with real coordinates, and
let the colours s1 < - - - < 54 of the parts of k also take real values; denote

ml(x)z#{j:/cjzx and has colour s;}, mi=zm§x), l<i<a, xeR.

Then

, @
E [ (260 (1, x))™

m'
@i,x): m(x)>0 v

(2;1«/ 1m / / 1<,l<—,[<m —w; — 1

*exp(—sp- Y o k] ~
% 1_[ (= Zr>m[l ™) - e, (colour(k); wi, ..., wy) He’wiz/zdwi, (7-21)
my!

k=1 ) i=1
where the integration is over upwardly oriented lines w; = a; +~/—1-R with Ra; > Na; + 1 for j > i.

Sketch of the proof. We obtain (7-21) as a limit of (7-16). The convergence of the left-hand sides was
discussed below (7-17). The convergence of the right-hand sides is a standard steepest descent argument
with the main contribution coming from a finite neighbourhood of the critical point v = +/L; see the
proof of [Borodin and Corwin 2014, Proposition 5.4.2] for a similar situation. The change of variables
v = VL + wi, 1 <i <m, together with Lemma 7.8, leads to the convergence of the integrands. O

Remark 7.10. Assume that the string « = («1, .. ., k;;) can be split into three sequential (possibly empty)

"

substrings x = (k’, k", k"), with all the coordinates of x” being (weakly) smaller than those of ¥’ and

"

(weakly) larger than those of «””, and with all the colours s; of the coordinates of k” being (strictly) larger
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than those of k" and (strictly) smaller than those of "’

. A special case of this situation is the dominant
sector k1 > ... > k, with rainbow compositions served by (7-19).

It is not hard to show from the definition of the e¢,-functions in Lemma 7.8, that under a simultaneous
shift of all the coordinates of k" by A that does not change the ordering conditions above, ¢, (w1, ..., wy,)
is multiplied by exp(A(w, +. .., wp)), where ” = (kq, .. ., kp). Hence, if one simultaneously performs
the shift of all the colours of the parts of k" by the same amount A, then the right-hand side of (7-21) is
not going to change. Since this means that the moments in the left-hand side do not change either, it is
natural to conjecture that the joint distribution of the participating Z’s also does not change (the moments
do not determine this distribution uniquely, though). When «” consists of one part, this conjecture was
verified in [Borodin et al. 2019], along with its versions for higher models, up to coloured stochastic
vertex models in general “down-right” domains. For general «” this conjecture was very recently proved
in [Dauvergne 2020] and [Galashin 2020] by two different methods.
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